1 APPLIED ARTS AND FINE ARTS (OG) 
Although we now tend to refer to the various crafts according to the materials used to construct them-clay, glass, wood, fiber, and metal-it was once common to think of crafts in terms of function, which led to their being known as the "applied arts." Approaching crafts from the point of view of function, we can divide them into simple categories: containers, shelters and supports. There is no way around the fact that containers, shelters, and supports must be functional. The applied arts are thus bound by the laws of physics, which pertain to both the materials used in their making and the substances and things to be contained, supported, and sheltered. These laws are universal in their application, regardless of cultural beliefs, geography, or climate. If a pot has no bottom or has large openings in its sides, it could hardly be considered a container in any traditional sense. Since the laws of physics, not some arbitrary decision, have determined the general form of applied-art objects, they follow basic patterns, so much so that functional forms can vary only within certain limits. Buildings without roofs, for example, are unusual because they depart from the norm. However, not all functional objects are exactly alike; that is why we recognize a Shang Dynasty vase as being different from an Inca vase. What varies is not the basic form but the incidental details that do not obstruct the object's primary function. Sensitivity to physical laws is thus an important consideration for the maker of applied-art objects. It is often taken for granted that this is also true for the maker of fine-art objects. This assumption misses a significant difference between the two disciplines. Fine-art objects are not constrained by the laws of physics in the same way that applied-art objects are. Because their primary purpose is not functional, they are only limited in terms of the materials used to make them. Sculptures must, for example, be stable, which requires an understanding of the properties of mass, weight distribution, and stress. Paintings must have rigid stretchers so that the canvas will be taut, and the paint must not deteriorate, crack, or discolor. These are problems that must be overcome by the artist because they tend to intrude upon his or her conception of the work. For example, in the early Italian Renaissance, bronze statues of horses with a raised foreleg usually had a cannonball under that hoof. This was done because the cannonball was needed to support the weight of the leg. In other words, the demands of the laws of physics, not the sculptor's aesthetic intentions, placed the ball there. That this device was a necessary structural compromise is clear from the fact that the cannonball quickly disappeared when sculptors learned how to strengthen the internal structure of a statue with iron braces (iron being much stronger than bronze). 
Even though the fine arts in the twentieth century often treat materials in new ways, the basic difference in attitude of artists in relation to their materials in the fine arts and the applied arts remains relatively constant. It would therefore not be too great an exaggeration to say that practitioners of the fine arts work to overcome the limitations of their materials, whereas those engaged in the applied arts work in concert with their materials. 
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在现代，人们将根据工艺品的制造材质对他们进行分类，如陶土，玻璃，木头，纤维还有金属。但最初人们根据工艺品的功能将他们通通定义为“实用工艺品”。根据工艺品的实用性，我们可以把手工艺品简单分为：容器，遮蔽物，支撑物。毫无疑问它们都是具有一定功能的物品。这些实用工艺品以自然规律为基础，它们的制作材料及其容纳、支撑、遮盖的内容需要符合这些规律。这些规律在工艺品应用过程中非常普遍，不会因文化信仰、地理条件和气候的改变而改变。如果一个壶没有底座，或者在一侧有一个大开口，那么它在任何传统意义上都很难被视为是一个容器。自然规律决定了实用工艺品的一般形式，而不是武断的结论决定的，它们遵循基本的样式，以至于它们的功能不会变化太大。举个例子，没有屋顶的建筑是很少见的，因为它违反了自然规律。但是，并不是所有的功能物品都一模一样，比如我们知道的为什么商代花瓶和印加花瓶不同。它们的区别不是基本功能的不同，而是那些不影响其基本功能的细节存在区别。 
实用工艺品的生产者会着重考虑这件工艺品对自然规律的敏感性。所以人们认为对纯工艺品的生产来说也是一样。但这种推断忽略了两种工艺品之间重要的区别。纯工艺品不像实用工艺品那样会受到自然规律的限制。因为它们最主要的并不是体现其功能性，其实它们仅受限于制作材料的性质。比方说雕塑必须要牢固，这就需要了解质量，重力分布和压力的性质。油画必须有坚固的支架，才能让画布保持绷紧，并且油画不可以有毁损，裂纹，褪色。类似困难都是艺术家们必须克服的，这些困扰往往影响了艺术家对于工艺品的设计。就好像在意大利文艺复兴早期，踢出前腿马匹的青铜像往往有一个金属球置于它的前蹄下。这样设计是因为需要金属球来支撑腿的重量。换而言之，摆在那里的金属球是客观条件的需要，而不是艺术家的美学意愿。当雕塑家学会如何了用铁支架加强雕塑的内部结构后（铁比青铜更结实），就不再使用金属球了，由此看来，铁球的使用是对于必要结构性的妥协。尽管在20 世纪纯工艺品的制作通常采用新的制造工艺，人们对两种工艺品的基本态度仍然保持对立。因此，毫不夸张地说，纯艺术工艺品的生产者需要克服原材料的限制进行生产，而从事实用性工艺品的生产者则依据材料的性质来进行生产。 
31 ANCIENT ROME AND GREECE (TPO7) 
There is a quality of cohesiveness about the Roman world that applied neither to Greece nor perhaps to any other civilization, ancient or modern. Like the stone of Roman wall, which were held together both by the regularity of the design and by that peculiarly powerful Roman cement, so the various parts of the Roman realm were bonded into a massive, monolithic entity by physical, organizational, and psychological controls. The physical bonds included the network of military garrisons, which were stationed in every province, and the network of stone-built roads that linked the provinces with Rome. The organizational bonds were based on the common principles of law and administration and on the universal army of officials who enforced common standards of conduct. The psychological controls were built on fear and punishment—on the absolute certainty that anyone or anything that threatened the authority of Rome would be utterly destroyed. 
The source of Roman obsession with unity and cohesion may well have lain in the pattern of Rome’s early development. Whereas Greece had grown from scores of scattered cities, Rome grew from one single organism. While the Greek world had expanded along the Mediterranean seas lanes, the Roman world was assembled by territorial conquest. Of course, the contrast is not quite so stark: in Alexander the Great the Greeks had found the greatest territorial conqueror of all time; and the Romans, once they moved outside Italy, did not fail to learn the lessons of sea power. Yet the essential difference is undeniable. The Key to the Greek world lay inits high-powered ships; the key to Roman power lay in its marching legions. The Greeks were wedded to the sea; the Romans, to the land. The Greek was a sailor at heart; the Roman, a landsman. Certainly, in trying to explain the Roman phenomenon, one would have to place great emphasis on this almost instinct for the territorial imperative. Roman priorities lay in the organization, exploitation, and defense of their territory. In all probability it was the fertile plain of Latium, where the Latins who founded Rome originated, that created the habits and skills of landed settlement, landed property, landed economy, landed administration, and a land-based society. From this arose the Roman genius for military organization and orderly government. In turn, a deep attachment to the land, and to the stability which rural life engenders, fostered the Roman virtues: gravitas, a sense of responsibility, peitas, a sense of devotion to family and country, and iustitia, a sense of the natural order. 
Modern attitudes to Roman civilization range from the infinitely impressed to the thorough disgusted. As always, there are the power worshippers, especially among historians, who are predisposed to admire whatever is strong, who feel more attracted to the might of Rome than to the subtlety of Greece. At the same time, there is a solid body of opinion that dislikes Rome. For many, Rome is at best the imitator and the continuator of Greece on a larger scale. Greek civilization had quality; Rome, mere quantity. Greece was the inventor; Rome, the research and development division. Such indeed was the opinion of some of the more intellectual Romans. “Had the Greeks held novelty in such disdain as we,” asked Horace in his epistle, “what work of ancient date would now exist?” 
Rome’s debt to Greece was enormous. The Romans adopted Greek religion and moral philosophy. In literature, Greek writers were consciously used as models by their Latin successors. 
It was absolutely accepted that an educated Roman should be fluent in Greek. In speculative Proofread By Miffy and Alex Page: 239 / 493 philosophy and the sciences, the Romans made virtually no advance on early achievements. Yet it would be wrong to suggest that Rome was somehow a junior partner in Greco-Roman civilization. The Roman genius was projected into new spheres—especially into those of law, military organization, administration, and engineering. Moreover, the tensions that arose within the Roman state produced literary and artistic sensibilities of the highest order. It was no accident that many leading Roman soldiers and statesmen were writers of high caliber.
古代罗马和希腊罗马具有一种希腊和其他任何不论是古代还是现在文明都不具备的凝聚力。罗马墙上的石块是靠设计的规整和特别有力的粘合剂而被固定在一起，与此相同罗马帝国的各个部分也因物理的、组织的和精神的束缚而组成了一个坚若磐石的整体。物理的束缚包括驻扎在每个省的戍卫军组成的网络和联通每个省与罗马的、用石头铺成的道路网络。组织上的羁绊则基于法律和行政的一般原则，以及遍布各地、统一行动的军政府。精神上的控制则建立在恐惧和惩罚上——毫无疑问的是任何人，或任何事，只要威胁到罗马的权威，都终将被摧毁。 
罗马人对统一和团结的执着可能源自于罗马早期的发展模式。希腊是从二十几个分散的城邦发展而来，然而罗马则是从单个组织发展而来。希腊沿着地中海扩张，然而罗马帝国则通过领土的占领而壮大。当然，他们的对比也不是那么的绝对：在亚历山大大帝时期，希腊找到了他们整个历史中最大的领地征服者；罗马人虽曾一度迁移到意大利之外，但他们却没有荒废海洋的力量。然而，他们之间本质的区别是不容否认的。希腊世界的关键是强大的船队，而罗马帝国的关键则是他们行进的部队。希腊人死守着海洋，罗马人则死守着土地。希腊人是天生的水手，罗马人则是陆上强兵。毫无疑问的是，为了解释罗马现象，人们应该极大的强调他们的几乎是本能的领土观念。罗马人的天性就在于对领土的组织、扩张和防御。完全也可能是Latium 平原——拉丁人最初建立罗马的地方，早就了罗马人陆地定居、陆地财产、陆地经济、陆地行政以及以陆地基础社会的性格和技巧。在此基础上也产生了罗马人的军事组织和政府管理的才能，。反过来，对土地以及稳定乡村生活的深深 
的依恋孕育了罗马人的品格：gravitas，一种责任感；peitas，对家庭和国家的牺牲精神；以及iustitia，一种对自然秩序的使命。 
现在人们对罗马的态度各异，从无限的崇尚到彻底的反感。经常有权威的崇拜者，尤其是在历史学家中，不由自主的推崇强大，他们对罗马权力的欣赏远胜于对希腊狡黠的欣赏。与此同时，有一种固化的观念厌恶罗马。对于很多人而言，罗马至多不过是对希腊更大规模的模仿和延续，希腊文明拥有质量，罗马则仅仅拥有数量。希腊是发明者，而罗马则是研究和发展的分支。这些实际上是一些高智商罗马人的观点。“难道希腊人创造出新的事物后，我们就会被认为是如此的微不足道吗？”Horace 在他的信件中问道“古时候的什么工作现在还存在呢？” 罗马受希腊影响很大。罗马人吸收了希腊人的宗教和伦理哲学。在文学上，希腊作家被下意识的当作他们拉丁后裔的模范。毋庸置疑的是一个受过教育的罗马人一定会讲流利的希腊语。在推理哲学和科学上，罗马人实际上没有超过前期希腊的成就。 
然而如果认为罗马是希腊-罗马文化的晚辈那就错了。罗马的天才们突破了新的领域—尤其是在法律、军队的组织、管理学和工程学上。而且，由罗马国家内部产生的压力促使文学和艺术的造诣达到最高水平。所以很多罗马的高级军官和政治家们都是高素质的作家。__
32 AGRICULTURE, IRON, AND THE BANTU PEOPLES (TPO7) 
There is evidence of agriculture in Africa prior to 3000 B.C. It may have developed 
independently, but many scholars believe that the spread of agriculture and iron throughout Africa linked it to the major centers of the Near East and Mediterranean world. The drying up of what is now the Sahara desert had pushed many peoples to the south into sub-Sahara Africa. These peoples settled at first in scattered hunting-and-gathering bands, although in some places near lakes and rivers, people who fished, with a more secure food supply, lived in larger population concentrations. Agriculture seems to have reached these people from the Near East, since the first domesticated crops were millets and sorghums whose origins are not African but west Asian. Once the idea of planting diffused, Africans began to develop their own crops, such as certain varieties of rice, and they demonstrated a continued receptiveness to new imports. The proposed areas of the domestication of African crops lie in a band that extends from Ethiopia across southern Sudan to West Africa. Subsequently, other crops, such as bananas, were introduced from Southeast Asia. Livestock also came from outside Africa. Cattle were introduced from Asia, as probably were domestic sheep and goats. Horses were apparently introduced by the Hyksos invaders of Egypt (1780-1560 B.C.) and then spread across the Sudan to West Africa. Rock paintings in the Sahara indicate that horses and chariots were used to traverse the desert and that by 300-200 B.C., there were trade routes across the Sahara. Horses were adopted by peoples of the West African savannah, and later their powerful cavalry forces allowed them to carve out large empires. Finally, the camel was introduced around the first century A.D. This was an important innovation, because the camel’s abilities to thrive in harsh desert conditions and to carry large loads cheaply made it an effective and efficient means of transportation. The camel transformed the desert from a barrier into a still difficult, but more accessible, route of trade and communication. 
Iron came from West Asia, although its routes of diffusion were somewhat different than those of agriculture. Most of Africa presents a curious case in which societies moved directly from a technology of stone to iron without passing through the intermediate stage of copper or bronze metallurgy, although some early copper-working sites have been found in West Africa. Knowledge of iron making penetrated into the forest and savannahs of West Africa at roughly the same time that iron making was reaching Europe. Evidence of iron making has been found in Nigeria, Ghana, and Mali. 
This technological shift cause profound changes in the complexity of African societies. Iron represented power. In West Africa the blacksmith who made toolsand functions. Iron hoes, which made the land more productive, and iron weapons, which made the warrior more powerful, had symbolic meaning in a number of West Africa societies. Those who knew the secrets of making iron gained ritual and sometimes political power. 
Unlike in the Americas, where metallurgy was a very late and limited development, Africans had iron from a relatively early date, developing ingenious furnaces to produce the high heat needed for production and to control the amount of air that reached the carbon and iron ore necessary for making iron. Much of Africa moved right into the Iron Age, taking the basic technology and adapting it to local; conditions and resources. 
Proofread By Miffy and Alex Page: 246 / 493 
The diffusion of agriculture and later of iron was accompanied by a great movement of people who may have carried these innovations. These people probably originated in eastern Nigeria. Their migration may have been set in motion by an increase in population caused by a movement of peoples fleeing the desiccation, or drying up, of the Sahara. They spoke a language, prior-Bantu (“Bantu” means “the people”), which is the parent tongue of a language of a large number of Bantu languages still spoken throughout sub-Sahara Africa. Why and how these people spread out into central and southern Africa remains a mystery, but archaeologists believe that their iron weapons allowed them to conquer their hunting-gathering opponents, who still used stone implements. Still, the process is uncertain, and peaceful migration—or simply rapid demographic growth—may have also caused the Bantu explosion. 
农业、铁器和班图人在非洲，早在公元前3000 年以前就有了农业的迹象。它可能是独立发展的，但很多学者认为农业和铁器在非洲的传播将费中与近东的中心和地中海世界联系了起来。就是现在的撒哈拉沙漠地区的不断变得干旱使得很多人向南迁徙到撒哈拉沙漠以南的非洲地区。这些部落起初分散的定居，并仍靠打猎和采集维生，尽管是在靠近湖泊和河流的地区人们以捕鱼为业，有较稳定的食物供给，聚集了较多的人口。农业技术可能来自于近东最终为非洲人所知，因为最初驯化的农作物是起源于西亚而不是非洲的小米和高粱。一旦种植的思想传播开来，非洲人就开始培育他们自己的农作物，比如某些水稻，并且他们一直愿意接受新的外来作物。人们认为驯化非洲作物的地区从埃塞俄比亚一直延伸到苏丹的南部，再到西非。接下来，其他的作物，比如香蕉，就从南亚传入到非洲了。 
家禽也来自于非洲以外的地区。牛是从亚洲引入的，家养绵羊和山羊也可能是这样的。马匹显然 
是由欧洲的Hyksos 入侵者（1780-1560B.C.）引入的之后就从苏丹传到西非。撒哈拉石画表明马匹和马车曾被用于穿越沙漠，并且，在公元前300 到到200 年间，有商队横穿沙哈拉沙漠的路线。西非大草原上的人们使用马匹，后来他们强大的骑兵力量使他们缔造了庞大的帝国。最后，骆驼大约在公元一世纪被引入到非洲。这是一次重要革新，因为骆驼有能力生存在恶劣的沙漠环境，另外，骆驼可以便宜的运输大量的载荷，这使得它们成为了一种方便高效的运输方式。骆驼使得沙漠从障碍转换为一条虽依然艰难但已经更加容易接近的商路和交流通道。 
铁器来自于西亚，虽然它传播的路径跟农业技术的不同。大部分非洲表现出一种奇怪的现象，那 
就是他们社会直接从石器时代进步到铁器时代，而没有经过中间过渡的铜器或青铜器冶金术，尽管在西亚发现了一些早期使用铜器的地区。冶铁技术在差不多到达欧洲的同时，就穿过了森林和大草原到达非洲。在尼日尼亚，加纳和马里发现了制作铁器的证据。 
科技的革新对非洲社会的复杂性产生了深刻的改变。铁器代表着力量。在西非的很多社会里，生 
产工具的铁匠、使土地更多产的铁锄、使战士更强大的铁制武器都有着象征意义。这些对西非社会有着标志性的意义。那些掌握了制铁技术的人们常可获得宗教权力，有时候获得政治权力。 
美洲的冶铁技术发展的非常晚，并且有限，而非洲则完全不同，他们的冶铁技术从相对较早的时 
期就开始发展；他们制造了精巧的高炉以产生冶铁所需要的高温，并能控制与碳和铁矿石接触的空气用量以满足冶铁的需要。大部分非洲人直接进入了铁器时代，他们吸取了冶铁的基本技术并使之与当地的条件和资源相适应。 
农业和后来冶铁技术是伴随着那些已经掌握了新技术的人们的大迁徙而传播的。这些人可能来源 
于尼日尼亚东部。为了逃避撒哈拉沙漠的不断干旱，人们迁徙到尼日尼亚东部，使这里的人口增多，于是这里的人们也接着迁徙。他们所说是前班图语,也就是现在仍然为广泛的撒哈拉沙漠南部非洲人所使用的班图语的源头。这些人为什么扩散到非洲中部和南部？他们怎么迁徙的？仍然是迷。不过考古学家们相信他们的铁制武器足以让他们战胜那些靠采集打猎为生的敌人，因为这些人仍然利用石质工具。不过过程仍然无人知道，另外，和平的移民或者简单的人口增长，都可能导致班图的扩张。 
33 THE RISE OF TEOTIHUACAN (TPO8) 
The city of Teotihuacán, which lay about 50 kilometers northeast of modern-day Mexico City, 
began its growth by 200-100 B.C. At its height, between about A.D. 150 and 700, it probably had a population of more than 125,000 people and covered at least 20 square kilometers. It had over 
2,000 apartment complexes, a great market, a large number of industrial workshops, an 
administrative center, a number of massive religious edifices, and a regular grid pattern of streets and buildings. Clearly, much planning and central control were involved in the expansion and ordering of this great metropolis. Moreover, the city had economic and perhaps religious contacts with most parts of Mesoamerica (modern Central America and Mexico). 
How did this tremendous development take place, and why did it happen in the Teotihuacán Valley? Among the main factors are Teotihuacán’s geographic location on a natural trade route to the south and east of the Valley of Mexico, the obsidian resources in the Teotihuacán Valley itself, and the valley’s potential for extensive irrigation. The exact role of other factors is much more difficult to pinpoint―for instance, Teotihuacán’s religious significance as a shrine, the historical situation in and around the Valley of Mexico toward the end of the first millennium B.C., the ingenuity and foresightedness of Teotihuacán’s elite, and, finally, the impact of natural disasters, such as the volcanic eruptions of the late first millennium B.C. 
This last factor is at least circumstantially implicated in Teotihuacán’s rise. Prior to 200 B.C., a number of relatively small centers coexisted in and near the Valley of Mexico. Around this time, the largest of these centers, Cuicuilco, was seriously affected by a volcanic eruption, with much of its agricultural land covered by lava. With Cuicuilco eliminated as a potential rival, any one of a number of relatively modest towns might have emerged as a leading economic and political power inCentral Mexico. The archaeological evidence clearly indicates, though, that Teotiluacan was the center that did arise as the predominant force in the area by the first century A.D. It seems likely that Teotihuacán’s natural resources―along with the city elite’s ability to recognize their potential―gave the city a competitive edge over its neighbors, The valley, like many other places in Mexican and Guatemalan highlands, was rich in obsidian. The hard volcanic stone was a resource that had been in great demand for many years, at least since the rise of the Olmecs (a people who flourished between 1200 and 400 B.C.), and it apparently had a secure market. Moreover, recent research on obsidian tools found at Olmecs sites has shown that some of the obsidian obtained by the Olmecs originated near Teotihuacán. Teotihuacán obsidian must have been recognized as a valuable commodity for many centuries before the great city arose. Long-distance trade in obsidian probably gave the elite residents of Teotihuacán access to a wide variety of exotic good, as well as a relatively prosperous life. Such success may have attracted immigrants to Teotihuacán. In addition, Teotihuacán’s elite may have consciously attempted to attract new inhabitants. It is also probable that as early as 200 B.C. Teotihuacán may have achieved some religious significance and its shrine (or shrines) may have served as an additional population magnet. Finally, the growing population was probably fed by increasing the number and size of irrigated fields. 
The picture of Teotihuacán that emerges is a classic picture of positive feedback among Proofread By Miffy and Alex Page: 254 / 493 obsidian mining and working, trade, population growth, irrigation, and religious tourism. The thriving obsidian operation, for example, would necessitate more miners, additional 
manufacturers of obsidian tools, and additional traders to carry the goods to new markets. All this led to increased wealth, which in turn would attract more immigrants to Teotihuacán. The growing power of the elite, who controlled the economy, would give them the means to physically coerce people to move to Teotihuacán and serve as additions to the labor force. More irrigation works would have to be built to feed the growing population, and this resulted in more power and wealth for the elite. 
特奥蒂瓦坎的崛起
起源于公元前200 到100 年前的特奥蒂瓦坎城位于现在的墨西哥城东北约50 公里处。在鼎盛时 
期，也就是大约在公元150 到700 年间，它可能有超过12.5 万的人口至少覆盖圆20 平方公里。它拥有超过2,000 座大厦、一座大型市场、大量的工业作坊、一个行政管理中心、数量庞大的宗教场所还有规则的街道建筑网络。显然，这座伟大的都市的管理和扩张时经过了精心的规划和集中管理的。甚至特奥蒂瓦坎城与中美洲的大部分都保持着经济和宗教的联系。 
这惊人的发展是如何完成的呢，另外它为什么会发生在奥特蒂瓦坎峡谷呢？其中最主要的原因就 
是奥特蒂瓦坎地处联通墨西哥峡谷南部和东部的自然形成的通商线路中，奥特蒂瓦坎峡谷本身拥有的黑曜石资源，还有奥特蒂瓦坎峡谷大面积灌溉的潜能。而其他的因素的作用则很难表述清楚——例如，奥特蒂瓦坎作为宗教圣地的重要地位，在公元前一千年后期墨西哥峡谷及其周围地区的历史情况，奥特蒂瓦坎精英们的机智和深谋远虑，以及自然灾害的冲击，比如在公元前一千年后期的火山喷发。 
这最后的因素至少偶然的暗示了奥特蒂瓦坎的崛起。在公元前200 年以前，有很多相对较小的中 
心在墨西哥峡谷内部和周围和谐共存着。就在这时其中最大的中心，Cuicuilco 遭到火山爆发的严重影响，其大部分农田被岩浆覆盖了。随着Cuicuilco 失去了竞争能力，其他任何一个中等的城镇都可能成为墨西哥中部新一代政治经济中心。考古资料明确的表明，特奥蒂瓦坎就是在公元一世纪时崛起的中心。 
很可能是特奥蒂瓦坎的自然资源，和精英们重组它们的才能，给予这座城市以与其邻居们抗衡的 
力量。像墨西哥和危地马拉高地的其他地区一样，这个峡谷也富含黑曜岩。那坚硬的火成岩在很多年内都是需求量极大的资源，至少从奥尔达克人(一个在公元前1200 到400 年间繁荣过的名族)的崛起之后就是这样了，显然它有着一个稳定的市场。关于最近在奥尔达克遗址中发掘的黑曜岩工具的研究表明，奥尔达克所得到的部分黑曜石工具源自特奥蒂瓦坎地区。在这座伟大的城市崛起之前，特奥蒂瓦坎的黑曜岩工具一定已经作为极有价值的商品闻名数世纪了。 
长距离的黑曜岩交易可能就使得特奥蒂瓦坎的精英们有机会得到外来的商品和繁荣的生活，这种 
成功可能会吸引移民到特奥蒂瓦坎。另外，特奥蒂瓦坎的贵族们也可能会有意的吸引新的移民。也有可能是早在公元前200 年前，特奥蒂瓦坎的宗教就达到了一定的高度，所以其神殿就是另一种对移民的吸引力。最后，不断增加的人口可以通过扩大灌溉土地的面积和规模而得到给养。 
那展现出来的特奥蒂瓦坎的生活图景是一种经典的在黑曜岩矿产和交易，人口的增长，灌溉的扩张，还有宗教旅游业之间的良性反馈。比如说，黑曜岩交易的发展将需要更多的矿工，更多的黑曜岩工具的制造商和更多的商人将工具运往新的市场。所有的这一切导致了财富的增加，而财富的增加反过来又会吸引更多的人移民到特奥蒂瓦坎。 
而那些掌控者经济命脉的社会精英们的力量的增长就会为他们提供了种种方法以迫使人们移往特奥蒂瓦坎以充当 
额外的劳动力。于是就不得不建成更多的灌溉工事以给养增长的人口，而这又会导致精英们力量和财富的增加。 
__ 
34 EXTINCTION OF THE DINOSAURS (TPO8) 
Paleontologists have argued for a long time that the demise of the dinosaurs was caused by 
climatic alterations associated with slow changes in the positions of continents and seas resulting from plate tectonics. Off and on throughout the Cretaceous (the last period of the Mesozoic era, during which dinosaurs flourished), large shallow seas covered extensive areas of the continents. 
Data from diverse sources, including geochemical evidence preserved in seafloor sediments, 
indicate that the Late Cretaceous climate was milder than today’s. The days were not too hot, nor the nights too cold. The summers were not too warm, nor the winters too frigid. The shallow seas 
on the continents probably buffered the temperature of the nearby air, keeping it relatively constant. 
At the end of the Cretaceous, the geological record shows that these seaways retreated from the continents back into the major ocean basins. No one knows why. Over a period of about 100,000 years, while the seas pulled back, climates around the world became dramatically more extreme: warmer days, cooler nights; hotter summers, colder winters. Perhaps dinosaurs could not tolerate these extreme temperature changes and became extinct. 
If true, though, why did cold-blooded animals such as snakes, lizards, turtles, and crocodiles survive the freezing winters and torrid summers? These animals are at the mercy of the climate to maintain a livable body temperature. It’s hard to understand why they would not be affected, whereas dinosaurs were left too crippled to cope, especially if, as some scientists believe, dinosaurs were warm-blooded. Critics also point out that the shallow seaways had retreated from and advanced on the continents numerous times during the Mesozoic, so why did the dinosaurs survive the climatic changes associated with the earlier fluctuations but not with this one? Although initially appealing, the hypothesis of a simple climatic change related to sea levels is insufficient to explain all the data. 
Dissatisfaction with conventional explanations for dinosaur extinctions led to a surprising observation that, in turn, has suggested a new hypothesis. Many plants and animals disappear abruptly from the fossil record as one moves from layers of rock documenting the end of the Cretaceous up into rocks representing the beginning of the Cenozoic (the era after the Mesozoic). Between the last layer of Cretaceous rock and the first layer of Cenozoic rock, there is often a thin layer of clay. Scientists felt that they could get an idea of how long the extinctions took by determining how long it took to deposit this one centimeter of clay and they thought they could determine the time it took to deposit the clay by determining the amount of the element iridium (lr) it contained. 
lr has not been common at Earth’s since the very beginning of the planet’s history. Because it usually exists in a metallic state, it was preferentially incorporated in Earth’s core as the planet cooled and consolidated. lr is found in high concentrations in some meteorites, in which the solar system’s original chemical composition is preserved. Even today, microscopic meteorites continually bombard Earth, falling on both land and sea. By measuring how many of these meteorites fall to Earth over a given period of time, scientists can estimate how long it might have taken to deposit the observed amount of lr in the boundary clay. These calculations suggest that a period of about one million years would have been required. However, other reliable evidence Proofread By Miffy and Alex Page: 262 / 493 
suggests that the deposition of the boundary clay could not have taken one million years. So the unusually high concentration of lr seems to require a special explanation. In view of these facts, scientists hypothesized that a single large asteroid, about 10 to 15 kilometers across, collided with Earth, and the resulting fallout created the boundary clay. Their calculations show that the impact kicked up a dust cloud that cut off sunlight for several months, inhibiting photosynthesis in plants; decreased surface temperatures on continents to below freezing; caused extreme episodes of acid rain; and significantly raised long-term global temperatures through the greenhouse effect. This disruption of food chain and climate would have eradicated the dinosaurs and other organisms in less than fifty years. 
恐龙的灭绝 
很长时间以来，古生物学家们认为恐龙的灭亡是与因地质构造而引起的海洋和大陆位置变迁相关 
的气候变化所致。在整个白垩纪（中生代的最后的一段时间，这时恐龙正值繁盛），广阔的浅海覆盖了大量的陆地。各方面的数据，包括海床沉积中的地理化学证据，都表明白垩纪后期的气候比现在的气候要温和得多。白天不是很热，夜间也不是很寒冷。夏天不是太炎热，而冬天也不是太寒冷。大陆上的浅海可能使其附近的空气少受影响，以保持相对稳定的温度。 
在白垩纪后期，地质资料表明这些浅海都从大陆退回到主要的海洋盆地内了，没有人明白为什么。 
大约在100000 年内，海洋收缩了，世界的气候也随之变得更极端：白天更热，夜间更冷，夏天更热，冬天更冷。恐龙或许就是因为无法忍受这种严峻的气温变化因而灭绝。如果真是这样，那么为什么冷血动物，比如蛇类、蜥蜴、乌龟和鳄鱼却能够幸免于寒冬和酷夏呢？这些动物都是依赖于气温以使其身体保持适合生存的温度。很难理解它们为什么毫不受影响，然而恐龙却如此的无能以至于无法适应，尤其是有些科学家认为恐龙是热血动物。批评者们也指出浅海在中生代曾有过无数次的进入大陆而又退回盆地的过程，所以为什么恐龙在前面的海洋起伏中能幸免于难，而在这一次中却不能呢？尽管最初人们这样认为，但是简单的与海平面高度有关的气候变化假设是不足以解释所有数据的。 
对传统的关于恐龙灭绝解释的不满使得人们反过来惊奇的发现了新的理论。当人们对比白垩纪后 
期的岩层资料和新生代（中生代后面的一个时期）早期的资料时发现很多植物和动物都突然的消失了。 
在白垩纪最后的一层岩石和新生代的第一层岩石之间，常有一层很薄的粘土。科学家们感觉到他们可 
以通过确定这层一厘米厚的粘土层中元素铱的含量来推测其的沉积时间，进而推测大灭绝所用的时间。 
自从地球的形成一来，铱元素在地球的便面上就不常见。因为它通常是以金属状态存在，并随着 
地球的冷却和固结而优先的合并到地核中了。在一些陨石中，依可能会高度富集，而这里常保存着太阳系内原始的化学组成。直到今天，小型的陨石也在连续不断的撞击地球，并掉落在陆地和海洋中。通过确定在一段给定时间内掉落在地球上的这种陨石的数量，科学家们就可以确定沉积隔层粘土的形成时间。这种计算表明形成这种沉积可能需要一百万年。然而其他可靠的证据则表明沉积这层粘土可能不需要一百万年。所以这种不正常的铱的富集可能需要一种特殊的解释。 
考虑到这些事实，科学家们就假设有一个较大的小行星，直径差不多有10 到15 公里，曾与地球 
相撞，所以碰撞扬起的灰尘等就形成了这层粘土层。他们的计算表明撞击扬起的灰尘遮挡了阳光达几个月之久，阻止了植物的光合作用，将陆地上的气温降到了零点之下，导致酸雨，通过温室效应造成了长期的、严重的全球升温。这种对食物链和气候的极大扰乱将可使恐龙和其他生物在不到50 年的时间内绝迹。__ 
35 RUNNING WATER ON MARS (TPO8) 
Photographic evidence suggests that liquid water once existed in great quantity on the surface of Mars. Two types of flow features are seen: runoff channels and outflow channels. Runoff channels are found in the southern highlands. These flow features are extensive 
systems―sometimes hundreds of kilometers in total length―of interconnecting, twisting channels 
that seem to merge into larger, wider channels. They bear a strong resemblance to river systems on 
Earth, and geologists think that they are dried-up beds of long-gone rivers that once carried 
rainfall on Mars from the mountains down into the valleys. Runoff channels on Mars speak of atime 4 billion years ago (the age of the Martian highlands), when the atmosphere was thicker, the surface warmer, and liquid water widespread. 
Outflow channels are probably relics of catastrophic flooding on Mars long ago. They appear only in equatorial regions and generally do not form extensive interconnected networks. Instead, they are probably the paths taken by huge volumes of water draining from the southern highlands into the northern plains. The onrushing water arising from these flash floods likely also formed the odd teardrop-shaped “islands” (resembling the miniature versions seen in the wet sand of our beaches at low tide) that have been found on the plains close to the ends of the outflow channels. Judging from the width and depth of the channels, the flow rates must have been truly enormous―perhaps as much as a hundred times greater than the 105 tons per second carried by the great Amazon river. Flooding shaped the outflow channels approximately 3 billion years ago, about the same times as the northern volcanic plains formed. 
Some scientists speculate that Mars may have enjoyed an extended early Period during which rivers, lakes, and perhaps even oceans adorned its surface. A 2003 Mars Global Surveyor image shows what mission specialists think may be a delta―a fan-shaped network of channels and sediments where a river once flowed into a larger body of water, in this case a lake filling a crater in the southern highlands. Other researchers go even further, suggesting that the data provide evidence for large open expenses of water on the early Martian surface. A computer-generated view of the Martian north polar region shows the extent of what may have been an ancient ocean covering much of the northern lowlands. The Hellas Basin, which measures some 3,000 kilometers across and has a floor that lies nearly 9 kilometers below the basin’s rim, is another candidate for an ancient Martian sea. 
These ideas remain controversial. Proponents point to features such as the terraced “beaches” shown in one image, which could conceivably have been left behind as a lake or ocean evaporated and the shoreline receded. But detractors maintain that the terraces could also have been created by geological activity, perhaps related to the geologic forces that depressed the Northern Hemisphere far below the level of the south, in which case they have nothing whatever to do with 
Martian water. Furthermore, Mars Global Surveyor data released in 2003 seem to indicate that the Martian surface contains too few carbonate rock layers―layers containing compounds of carbon and oxygen―that should have been formed in abundance in an ancient ocean. Their absence supports the picture of a cold, dryMars that never experienced the extended mild period required to form lakes and oceans. However, more recent data imply that at least some parts of the planet did in fact experience long periods in the past during which liquid water existed on the surface. 
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Aside from some small-scale gullies (channels) found since 2000, which are inconclusive, astronomers have no direct evidence for liquid water anywhere on the surface of Mars today, and the amount of water vapor in the Martian atmosphere is tiny. Yet even setting aside the unproven hints of ancient oceans, the extent of the outflow channels suggests that a huge total volume of water existed on Mars in the past. Where did all the water go? The answer may be that virtually all the water on Mars is now locked in the permafrost layer under the surface, with more contained in the planet’s polar caps. 
火星上的流水 
来自照片的证据显示在火星的表面曾有过大量的液态水。两种流动形式已经被发现：径流通道和 
外流通道。径流通道发现于南部的高地。这些流动形式有着庞大的系统——有时竟有数百千米长—— 他们相互交错，扭转，并可能汇入更大更宽的通道中。它们和地球上的河流系统非常相似，地质学家们认为它们是以前曾将火星上的雨水从高山携带到峡谷中的那些河流干涸后的遗迹。火星上的径流通道存在于4 百万年以前（就是火星高地的年龄），那时候火星的大气层更厚，地表更暖和，并且液态水分布很广。 
外流通道可能是很久以前火星上洪灾的遗迹。它们只形成于赤道附近，并一般没有形成广泛的交错的网络。相反，它们可能是携带大量水从南部高地到北部平原的排水系统。由泛滥的洪水而产生的激流可能也形成奇怪的泪滴状小岛（就像是在低潮时湿沙地或海滩上看到的缩小版本一样），已经在靠近出流通道末尾处的平原上被看到。从这些通道的宽度和深度可判断，当时流速一定很大——有可能是亚马逊河的每秒钟105 吨的流量的一百多倍。大约在三百万年以前，北部火山平原形成的同时，洪水改变了外流通道的形状。 
一些科学家认为早期的火星上广泛存在着河流，湖泊甚至是海洋。一份2003 年的对火星全球的 
调查照片显示了一个科学家们认为是三角洲的构造——一个扇形的沉积物和水流通道的网络，河流可能是从这里流入了一个更大的水体；在这种情况下，它可能是南部高地的一个火山口湖泊。其他研究者做了更大胆的猜测，他们认为那些数据表明早期在火星表面存在大量的水。一张关于火星北部极地地区的电脑图片说明有可能有一个古老的海洋覆盖了大部分北部的低洼处。那座有大约3000 公里宽， 
9 公里深的Hellas 盆地也可能是火星海洋。 
这些观点仍然有争议。反对者们指出照片里显示的台地“海滩”可以是由湖泊或者海洋蒸发干涸 
之后或者海退之后形成的。但是反对者认为这些台地也可能是由于地质活动造成的，即由于北半球的地质压力要远比南半球的小得多而造成的，在这种情况下，他们就和火星水系没有任何关系。而且，2003 发布的火星全球调查数据也表明火星表面含有太少的碳化岩层——含有碳氧化合物的岩层—— 他们应该是在古代海洋中大量形成的。这些岩层的缺失支持了火星是一个又冷又干燥的星球这一说法，并且不可能拥有形成湖泊和海洋的温和气候。然而，更多的数据现在表明至少该星球上的一些部分表面的确在过去的很长时间内存在液态水。 
除了在2000 年发现了一些小规模的、不确定的溪谷以外，宇航员到目前为止还没有在星球的什 么地方找到液态水存在的直接证据。而且火星大气中的水蒸气的含量也是微乎其微的。然而就算不考虑尚未证明的古代海洋存在的观点，出流通道的广泛存在就足以证明在火星上曾有大量的水体，水都去了哪里呢？答案可能是火星上所有的水实际上现在已经封存在其地下的永久冻层中，并且在极地地区最多。 
36 COLONIZING THE AMERICAS VIA THE NORTHWEST COAST (TPO9) 
It has long been accepted that the Americas were colonized by a migration of peoples from 
Asia, slowly traveling across a land bridge called Beringia (now the Bering Strait between 
northeastern Asia and Alaska) during the last Ice Age. The first watercraft theory about the 
migration was that around 11,000-12,000 years ago there was an ice-free corridor stretching from eastern Beringia to the areas of North America south of the great northern glaciers. It was the mid-continental corridor between two massive ice sheets-the Laurentide to the west-that enabled the southward migration. But belief in this ice-free corridor began to crumble when paleoecologist 
Glen MacDonald demonstrated that some of the most important radiocarbon dates used to 
support the existence of an ice-free corridor were incorrect. He persuasively argued that such an ice-free corridor did not exist until much later, when the continental ice began its final retreat. Support is growing for the alternative theory that people using watercraft, possibly skin boats, moved southward from Beringia along the Gulf of Alaska and then southward along the Northwest Coast of North America possibly as early as 16,000 years ago. This route would have enabled humans to enter southern areas of the Americans prior to the melting of the continental glaciers. Until the early 1970s, most archaeologists did not consider the coast a possible migration route into the Americans because geologists originally believed that during the last Ice Age the entire Northwest Coast was covered by glacial ice. It had been assumed that the ice extended westward from the Alaskan/Canadian mountains to the very edge of the continental shelf, the flat, submerged part of the continent that extend into the ocean. This would have created a barrier of ice extending from the Alaska Peninsula, through the Gulf of Alaska and southward along the Northwest Coast of North America to what is today the state of Washington. The most influential proponent of the coastal migration route has been Canadian archaeologist Knut Fladmark. He theorized that with the use of watercraft, people gradually colonized unglaciated refuges and areas along the continental shelf exposed by the lower sea level. Fladmark's hypothesis received additional support from the fact that the greatest diversity in Native American languages occurs along the west coast of the Americans, suggesting that this region has been settled the longest. 
More recent geologic studies documented deglaciation and the existence of ice-free areas Proofread By Miffy and Alex Page: 277 / 493 throughout major coastal areas of British Columbia, Canada, by 13,000 years ago. Research now indicates that sizable areas of southeastern Alaska along the inner continental shelf were not covered by ice toward the end of the last Ice Age. One study suggests that except for a 250-mile coastal area between southwestern British Columbia and Washington State, the Northwest Coast of North America was largely free of ice by approximately 16,000 years ago. Vast areas along the coast may have been deglaciated beginning around 16,000 years ago, possibly providing a coastal corridor for the movement of plants, animals, and humans sometime between 13,000 and 14,000 years ago. The coastal hypothesis has gained increasing support in recent years because the remains of large land animals, such as caribou and brown bears, have been found in southeastern Alaska dating between 10,000 and 12,500 years ago. This is the time period in which most scientists formerly believed the area to be inhospitable for humans. It has been suggested that if the environment were capable of supporting breeding populations of bears, there would have been enough food resources to support humans. Fladmark and others believe that the first human colonization of America occurred by boat along the Northwest Coast during the very late Ice Age, possibly as early as 14,000 years ago. The most recent geologic evidence indicates that it may have been possible for people to colonize ice-free regions along the continental shelf that were still exposed by the lower sea level between 13,000 and 14,000 ago. 
The coastal hypothesis suggests an economy based on marine mammal hunting, saltwater fishing gathering, and the use of watercraft. Because of the barrier of ice to the east, the Pacific Ocean to the west, and populated areas to the north, there may have been a greater impetus for people to move in a southerly direction. 
从西海岸殖民美洲 
这种观念被人们接受很长时间了：美洲被一群来自亚洲的移民殖民统治着，他们在上一个冰河时 
代缓慢的跨越了一个叫做白令的大陆桥（现在白令海峡位于东北亚和阿拉斯加之间）。关于这些迁徙的第一个水路理论表明，大概在11000 到12000 年前，有一个不冻的走廊，它从白令海峡东部延伸 
到北美（大北部冰河的南部），连在两个巨大冰床间的半大陆性走廊，向西的Laurentide 使往南的迁移成为可能。但是当生态学者Glen MacDonald 证明一些用来支持不冻走廊存在的重要放射性碳时间 
不正确时，对于不冻走廊的信念就被粉碎了。他令人信服的主张那样的不冻走廊直到很久以后才出现，那时大陆冰开始最后的消退。 
另外一种理论得到越来越多的人的支持，它认为可能早在16,000 年前，人们使用船只，也许是 
那种兽皮做的小船，从白令沿着阿拉斯加海湾，然后沿着北美的西北海岸前进。这条路线使人类可以在大陆冰河解冻之前进入美州南部地区。直到20 世纪70 年代早期，大部分考古学家都不认为海岸可能是进入美州的移民路线，因为地理学家一开始就坚信整个西北海岸在上个冰河时代是被冰覆盖的。人们猜测冰从阿拉斯加、加拿大山脉向西延伸到大陆架的边界，也就是大陆延伸到海洋中而被淹没的部分。这样就形成了一个由冰构成的，从阿拉斯加半岛，经过阿拉斯加海湾，向南沿着北美州西北海岸延伸至今天的华盛顿州的冰层。 
海岸移民路线的最有影响力的支持者是加拿大考古学家Knut Fladmark。他认为通过船只的使用，人们逐渐殖民到没有冰冻的地方以及沿着大陆架的、由于海平面较低而裸露出来的地区。 
Fladmark 的假设从一个事实那得到了更多的支持，因为美国本土语言的最大多样性出现在西海岸沿岸，这就表明这个地区是人类定居时间最早的。 
更多最近的地质研究证明了13000 年前在英属哥伦比亚、加拿大主要海岸地区无冰区域存在和结冰。现在研究表明，直到上个冰河时代末期，阿拉斯加东南、沿大陆架内的大部分地区并没有被冰层覆盖。一项研究表明，除了在英属哥伦比亚东南部和华盛顿州之间的250 英里的海岸地区以外，北美的西北海岸在大概16000 年之前都是没有冰的。沿海的辽阔地区的冰川在大约16000 年前开始融化，这就为13000 前 到14000 年前的某一段时间内植物、动物和人类的迁移提供了一个海岸走廊。 
海岸走廊假设近些年得到了越来越多的支持，因为一些大型动物（比如北美驯鹿，棕熊）的遗迹 
出现在阿拉斯加东南部地区，其时间为10000 年到12500 年之前。之前大部分科学家认为此时此地不适合人类生存的。如果一种环境能满足熊的繁殖，那么它就有足够的食物来源来供应人类的生存。 
Fladmark 和其他科学家都认为人类第一次乘船沿着西北岸到达美洲发生在冰河时代的晚期，可能早达14000 年以前。多数最新的地质资料表明：13000 年 至 14000 年前，人们殖民因低海平面而裸露的大陆架沿岸的无冰区域是可能的。 
海岸假设提出了一个以捕食海洋哺乳动物、搜捕咸水鱼类、使用船只为基础的自然经济。由于东 部是冰障，西部是太平洋，北部是移民区，所以有一股强大的力量促使人们往南方迁移。__
37 REFLECTION IN TEACHING (TPO9) 
Teachers, it is thought, benefit from the practice of reflection, the conscious act of thinking 
deeply about and carefully examining the interactions and events within their own classrooms. 
Educators T. Wildman and J. Niles (1987) describe a scheme for developing reflective practice in 
experienced teachers. This was justified by the view that reflective practice could help teachers to feel more intellectually involved in their role and work in teaching and enable them to cope with the paucity of scientific fact and the uncertainty of knowledge in the discipline of teaching. Wildman and Niles were particularly interested in investigating the conditions under which reflection might flourish-a subject on which there is little guidance in the literature. They designed an experimental strategy for a group of teachers in Virginia and worked with 40 practicing teachers over several years. They were concerned that many would be "drawn to these new, refreshing conceptions of teaching only to find that the void between the abstractions and the realities of teacher reflection is too great to bridge. Reflection on a complex task such as teaching is not easy." The teachers were taken through a program of talking about teaching events, moving on to reflecting about specific issues in a supported, and later an independent, manner. Wildman and Niles observed that systematic reflection on teaching required a sound ability to understand classroom events in an objective manner. They describe the initial understanding in the teachers with whom they were working as being "utilitarian...and not rich or detailed enough to drive systematic reflection." Teachers rarely have the time or opportunities to view their own or the teaching of others in an objective manner. Further observation revealed the tendency of teachers to evaluate events rather than review the contributory factors in a considered manner by, in effect, standing outside the situation. 
Helping this group of teachers to revise their thinking about classroom events became central. This process took time and patience and effective trainers. The researchers estimate that the initial training of the same teachers to view events objectively took between 20 and 30 hours, with the same number of hours again being required to practice the skills of reflection. 
Wildman and Niles identify three principles that facilitate reflective practice in a teaching situation. The first is support from administrators in an education system, enabling teachers to understand the requirements of reflective practice and how it relates to teaching students. The second is the availability of sufficient time and space. The teachers in the program described how they found it difficult to put aside the immediate demands of others in order to give themselves the time they needed to develop their reflective skills. The third is the development of a collaborative environment with support from other teachers. Support and encouragement were also required to help teachers in the program cope with aspects of their professional life with which they were not comfortable. Wildman and Niles make a summary comment: "Perhaps the most important thing we learned is the idea of the teacher-as-reflective-practitioner will not happen simply because it is a good or even compelling idea." 
The work of Wildman and Niles suggests the importance of recognizing some of the difficulties of instituting reflective practice. Others have noted this, making a similar point about the teaching profession's cultural inhibitions about reflective practice. Zeichner and Liston (1987) Proofread By Miffy and Alex Page: 285 / 493 
point out the inconsistency between the role of the teacher as a (reflective) professional decision maker and the more usual role of the teacher as a technician, putting into practice the ideas of others. More basic than the cultural issues is the matter of motivation. Becoming a reflective practitioner requires extra work (Jaworski, 1993) and has only vaguely defined goals with, perhaps, little initially perceivable reward and the threat of vulnerability. Few have directly questioned what might lead a teacher to want to become reflective. Apparently, the most obvious reason for teachers to work toward reflective practice is that teacher educators think it is a good thing. There appear to be many unexplored matters about the motivation to reflect-for example, the value of externally motivated reflection as opposed to that of teachers who might reflect by habit. 
教学中的反思 
教师被认为受益于反思实践——有意识的更深入思考、仔细的检查他们教室里发生的事件以及相互影响。教育家T. Wildman 和J. Niles(1987)描述了一个在资深教师中开展反思实践的方案。这是合理的，因为人们认为反思的实践可以帮助老师们更加理性的对待他们的角色和他们从事的事业，并可以让他们能在教学准则中处理科学事实的缺乏和知识的不确定。 
Wildman 和Niles 都特别喜欢研究在哪种情况下反思可能大量出现——一个几乎没有任何文献 
指导的课题。他们给维吉利亚的一组教师设计了一个实验策略，并在几年内研究了40 位教师。他们担心很多人可能认为沉浸在这种全新的教育概念中的结果就是，发现教师反思的抽象概念和现实之间的鸿沟太大而无法逾越。要反思像教学这样复杂的事件不是容易的。老师们都参加了关于教学事件计划的讨论，紧接着在工作人员的协助下去反思具体问题，然后是独立反思。 
Wildman 和Niles 观察到系统教学反思需要一种以客观的方式来理解教室里发生事件的能力。 
他们起初认为参与研究的教师们太功利，并不是足够丰富和详细以促使系统反思的产生。教师们很少有机会和时间去客观的观察他们自己和其他老师的教学。更深的研究发现教师们更愿意评价事件而不是站在事件之外洞察一个事件的促进因素。 
帮助这组教师修订他们关于课堂事件的认识变成了关键问题。这个过程需要时间和耐心以及有效的受训者。研究者认为训练同一个教师使他客观的看待事情需要大约20 到30 小时，而反思技巧的练习同样需要这么多时间。Wildman 和 Niles 确定了促进在教学环境中实现反思行为的3 个原则。第一就是来自教学系统 
管理层的支持，这使得教师们明白反思实践的必要条件，并知道它与教学之间的联系。第二就是需要足够的时间和空间。组织中的教师们抱怨说让他们放弃别人当时的要求而为自己腾出时间去提升自己的反思能力是很困难的。第三就是以其他教师的支持为基础的亲密无间的环境。组织中的教师同样需 
要支持和鼓励以帮助他们去应付他们职业生活中的不如意的方面。Wildman 和Niles 作出了一个总结性的评论：“或许我们学到的最重要的观点就是教师不会因为这是好的，或者甚至是不可或缺的观念而自发的开展教学反思。” 
Wildman 和Niles 的工作表明认识进行反思的某些困难的重要性。也有其他人知道这个，并指 
出相似的关于反思行为的教学职业文化阻碍。Zeichner 和Liston(1987)指出作为一个反思者的教师和作为一个将其他人观念付诸实施的教师之间，存在着角色上的不一致。比文化问题更基本的是动机问题。成为一个反思教学的执行者需要额外的付出（Jaworski,1993）而且只有一个模糊的目标，甚至不仅没有显而易见的回报，反而有易受责难的威胁。很少人直接质疑什么可能让一个教师想变成反思型教师。显然，使教师朝着反思行为奋斗的最直接的原因是教师教育家认为这是一件很好的事情。关于反思的动力存在许多未知的问题，例如外部驱动的反思的价值与通过习惯进行反思的价值是不同的。__
38 THE ARRIVAL OF PLANT LIFE IN HAWAII (TPO9) 
When the Hawaiian islands emerged from the sea as volcanoes, starting about five million 
years ago, they were far removed from other landmasses. Then, as blazing sunshine alternated 
with drenching rains, the harsh, barren surfaces of the black rocks slowly began to soften. Winds brought a variety of life-forms. 
Spores light enough to float on the breezes were carried thousands of miles from more ancient lands and deposited at random across the bare mountain flanks. A few of these spores found a toehold on the dark, forbidding rocks and grew and began to work their transformation upon the land. Lichens were probably the first successful flora. These are not single individual plants; each one is a symbiotic combination of an alga and a fungus. The algae capture the Sun's energy by photosynthesis and store it in organic molecules. The fungi absorb moisture and mineral salts from the rocks, passing these on in waste products that nourish algae. It is significant that the earliest living things that built communities on these islands are examples of symbiosis, a phenomenon that depends upon the close cooperation of two or more forms of life and a principle that is very important in island communities. 
Lichens helped to speed the decomposition of the hard rock surfaces, preparing a soft bed of soil that was abundantly supplied with minerals that had been carried in the molten rock from the bowels of Earth. Now, other forms of life could take hold: ferns and mosses (two of the most ancient types of land plants) that flourish even in rock crevices. These plants propagate by producing spores-tiny fertilized cells that contain all the instructions for making a new plant-but the spores are unprotected by any outer coating and carry no supply of nutrient. Vast numbers of them fall on the ground beneath the mother plants. Sometimes they are carried farther afield by water or by wind. But only those few spores that settle down in very favorable locations can start new life; the vast majority fall on barren ground. By force of sheer numbers, however, the mosses and ferns reached Hawaii, survived, and multiplied. Some species developed great size, becoming tree ferns that even now grow in the Hawaiian forests. 
Many millions of years after ferns evolved (but long before the Hawaiian Island were born from the sea), another kind of flora evolved on Earth: the seed-bearing plants. This was a wonderful biological invention. The seed has an outer coating thatsurrounds the genetic material of the new plant, and inside this covering is a concentrated supply of nutrients. Thus, the seed's chances of survival are greatly enhanced over those of the naked spore. One type of seed-bearing plant, the angiosperm, includes all forms of blooming vegetation. In the angiosperm the seeds are wrapped in an additional layer of covering. Some of these coats are hard-like the shell of a nut-for extra protection. Some are soft and tempting, like a peach or a cherry. In some angiosperm the seeds are equipped with gossamer wings, like the dandelion and milkweed seeds. These new characteristics offered better ways for the seeds to move to new habitats. They could travel through the air, float in water, and lie dormant for many months. 
Plants with large, buoyant seeds-like coconuts-drift on ocean currents and are washed up on the shores. Remarkably resistant to the vicissitudes of ocean travel, they can survive prolonged immersion in saltwater. When they come to rest on warm beaches and the conditions are favorable, the seed coats softer. Nourished by their imported supply of nutrients, the young plants push out Proofread By Miffy and Alex Page: 293 / 493 their roots and establish their place in the sun. 
By means of these seeds, plants spread more widely to new locations, even to isolated islands like the Hawaiian archipelago, which lies more than 2,000 miles west of California and 3,500 miles east of Japan. The seeds of grasses, flowers, and blooming trees made the long trips to these islands. (Grasses are simple forms of angiosperms that bear their encapsulated seeds on long stalks.) In a surprisingly short time, angiosperms filed many of the land areas on Hawaii that had been bare. 
夏威夷植物的到来 
大约五百万年以前，当夏威夷群岛作为火山在从海洋中出现的时候，他们与其他大陆相距甚远。 
然后，经过了炙热阳光和湿润雨水的交替作用之后，那荒芜的黑色的岩石表面开始渐渐的变软。最后，大风就携带来了各种各样的生命。孢子很轻，可以被微风携带着从更古老的陆地飘过几千英里并随机的降落在荒芜的山腰上。一些 孢子在漆黑坚硬的岩石中找到了立足点，并生长起来，开始了它们向整个陆地蔓延的工作。地衣可能就是第一批成功安家的植物，它们不是单一的一种植物，每一个都是海藻和真菌的共生体。海藻通过光合作用获取太阳的能量，并将它储存在有机的分子中。真菌从岩石中吸收水分和矿物盐，并将这些作为代谢废物为海藻施肥。岛屿上的最早的生物群落以共生的方式存在是非常重要的。共生是一种依靠两种或两种以上的生物紧密合作而生存的现象，也是岛屿上生物群落非常重要的一项原则。 
地衣有利于加速坚硬的岩石表面的分解，并产生了一层柔软的土壤，这些土壤可以提供熔融岩石含有的来自地球内部的丰富的矿物质。现在其他形式的生命就可以安家了：蕨类植物和苔藓（两种最古老的陆地植物品种）甚至可以在岩石缝隙里繁衍。这些植物通过产生孢子来繁殖，孢子是一些有营养的细胞，它们携带了所有的用于生长一株新的植物的遗传物质，但是它没有任何外部表皮的保护，也没携带供应营养的组织。大量的包子降落在母体植物下面的土地上，有时候它们被流水和风力带到了更远的地方。但是只有那些停驻在绝好的地方的孢子可以开始新的生命，绝大部分的孢子会落在不含矿物的岩层上。占着绝对数量上的优势，蕨类植物和地衣到达了夏威夷群岛存活下来，并繁衍开去。 
其中一些物种体型巨大，成为橛子树，它们甚至现在还生长在夏威夷的森林中。在蕨类植物进化了好几百万年之后（不过，还是远在夏威夷群岛出现之前）另一种植物开始在地 
球上进化：种子植物。这是一次惊人的生物进化，种子有一层裹在遗传物质外面的表皮，在表皮里面是一种浓缩了的营养供给组织。因此，物种的成活率相对于那些裸露的孢子大大的提高了。其中一种种子植物——被子植物，包含了所有开花植物。在被子植物中，种子被另外的一层外皮包裹着。其中 的一些表皮很坚硬—就像坚果的外壳—__________可以提供额外的保护。有一些则很软、诱人，比如桃子或樱桃。 
还有一些被子植物的种子携带有薄纱一样的翅膀，比如说蒲公英和马利筋的种子。这种特征为种子转移到新的栖息地提供了更好的途径，它们可以通过空气、流水传播并可以保存好几个月。 
一些拥有硕大的、可以浮于水面的种子的植物，像椰子，随洋流飘荡，被冲上海岸。对洋流变动 抵抗的耐久性使得他们可以在海水的长期浸泡中生存下来。当他们停歇在温暖的海滩上，一旦条件合适，种子的外皮就开始变软。由于受到内部携带的营养物质的滋养，幼小的植物伸长出他们的根部，并开始在阳光下成长。 
借助这些种子，植物传播到更远的地方，甚至是像夏威夷群岛这样的孤立的群岛上。夏威夷群岛位于加利福利亚以西2000 英里和日本以东3500 英里。草，花和树木的种子经过长途跋涉到达那些岛屿上（草类是一类将其种子孕育在长长的秸秆中的被子植物）。在短得惊人的时间内，被子植物覆盖了夏威夷群岛上的很大的一部分荒芜地面。 
39 FEEDING HABITS OF EAST AFRICAN HERBIVORES (OG) 
Buffalo, zebras, wildebeests, topi, and Thomson’s gazelles live in huge groups that together 
make up some 90 percent of the total weight of mammals living on the Serengeti Plain of East Africa. They are all herbivores (plant-eating animals), and they all appear to be living on the same diet of grasses, herbs, and small bushes. This appearance, however, is illusory. When biologist Richard Bell and his colleagues analyzed the stomach contents of four of the five species (they did not study buffalo), they found that each species was living on a different part of the vegetation. The different vegetational parts differ in their food qualities: lower down, there are succulent, nutritious leaves; higher up are the harder stems. There are also sparsely distributed, highly nutritious fruits, and Bell found that only the Thomson’s gazelles eat much of these. The other three species differ in the proportion of lower leaves and higher stems that they eat: zebras eat the most stem matter, wildebeests eat the most leaves, and topi are intermediate. How are we to understand their different feeding preferences? The answer lies in two associated differences among the species, in their digestive systems and body sizes. According to their digestive systems, these herbivores can be divided into two categories: the nonruminants (such as the zebra, which has a digestive system like a horse) and the ruminants (such as the wildebeest, topi, and gazelle, which are like the cow). Nonruminants cannot extract much energy from the hard parts of a plant; however, this is more than made up for by the fast speed at which food passes through their guts. Thus, when there is only a short supply of poor-quality food, the wildebeest, topi, and gazelle enjoy an advantage. They are ruminants and have a special structure (the rumen) in their stomachs, which contains microorganisms that can break down the hard parts of plants. Food passes only slowly through the ruminant’s gut because ruminating—digesting the hard parts—takes time. The ruminant continually regurgitates food from its stomach back to its mouth to chew it up further (that is what a cow is doing when “chewing cud”). Only when it has been chewed up and digested almost to a liquid can the food pass through the rumen and on through the gut. Larger particles cannot pass through until they have been chewed down to size. Therefore, when food is in short supply, a ruminant can last longer than a nonruminant because it can derive more energy out of the same food. The difference can partially explain the eating habits of the Serengeti herbivores. The zebra chooses areas where there is more low-quality food. It migrates first to unexploited areas and chomps the abundant low-quality stems before moving on. It is a fast-in/fast-out feeder, relying on a high output of incompletely digested food. By the time the wildebeests (and other ruminants) arrive, the grazing and trampling of the zebras will have worn the vegetation down. As the ruminants then set to work, they eat down to the lower, leafier parts of the vegetation. All of this fits in with the differences in stomach contents with which we began. 
The other part of the explanation is body size. Larger animals require more food than smaller animals, but smaller animals have a higher metabolic rate. Smaller animals can therefore live where there is less food, provided that such food is of high energy content. That is why the smallest of the herbivores, Thomson’s gazelle, lives on fruit that is very nutritious but too thin on the ground to support a larger animal. By contrast, the large zebra lives on the masses of low-quality stem material. 
The differences in feeding preferences lead, in turn, to differences in migratory habits. The Proofread By Miffy and Alex Page: 300 / 493 wildebeests follow, in their migration, the pattern of local rainfall. The other species do likewise. But when a new area is fueled by rain, the mammals migrate toward it in a set order to exploit it. 
The larger, less fastidious feeders, the zebras, move in first; the choosier, smaller wildebeests 
come later; and the smallest species of all, Thomson’s gazelle, arrives last. The later species all  depend on the preparations of the earlier one, for the actions of the zebra alter the vegetation to suit the stomachs of the wildebeest, topi, and gazelle.
野牛，斑马，角马，转角牛羚和汤氏羚这些群居动物占据了非洲东部塞伦盖蒂平原的总哺乳动 
物的数量的90%。它们都是草食动物（以吃植物为生的动物），并且看似有着相同的日常饮食：草，香草，和小的灌木。不过，这个现象是假的。在生物学家Richard Bell 和他的同僚分析5 种物种其中的4 个（他们没有研究野牛）的胃内含量时，他们发现其实每个物种所食用的植物部位是不同的。 
这些不一样的植物部分是区分于它们的食物质量：下部的是多汁又营养的树叶；上面的部分则是更坚硬的茎杆。Bell 还在汤氏羚的胃里发现了一些分布稀少的高营养含量的水果，不过只有汤氏羚吃这些。其他三个物种是因为所食用的低树叶和高的茎杆的比例不同而区别的：斑马主要吃茎杆部分，角马主要吃树叶，转角牛羚则一半一半。 
那么我们怎样来理解他们这些不同的食物选择呢？答案就在所有物种的两个相互关联的差异：他 
们的消化系统和体型大小。这些草食动物可根据他们的消化系统而分为两类：非反刍动物（比如说有 
着和马类似消化系统的斑马）和反刍动物（比如角马，转角牛羚，和小羚羊，他们的则和奶牛的相似）。 
非反刍动物并不能够从植物的坚硬部分提取出很多能量；不管怎样，能有这些能量已经不错了，因为这些是相对于食物是以一个非常快的速度进入肠胃的情况产生的。因此，当只有供应不足的质量低劣的食物时，角马，转角牛羚和小羚羊享有了优势。因为他们是反刍动物，而反刍动物的胃部含有能够分解食物坚硬部分的微生物的特殊结构（瘤胃）。食物只很慢的在反刍动物的肠胃里传递，因为反刍的过程—消化坚硬的部分—需要一定时间。反刍动物不断地将胃里的食物返回嘴里继续咀嚼（这就是奶牛在“反刍”时所做的）。只有当食物在经过咀嚼和消化的过程变成近似液体的时候，它才可能通过瘤胃并进入和通过肠胃。比较大的颗粒在被咀嚼成小块之前，是不能通过的。所以，当食物供不应求时，一个反刍动物可以比一个非反刍动物活的时间更长，因为它能从同样的食物中提取到更多的能量。这个差异部分的解释了塞伦盖蒂草食动物的饮食习惯。斑马选择的是有更多低质量食物的区域。它首先迁移到未被开垦的区域，并在继续迁移前，食用掉当地充足的低质量食物。斑马是一个新陈代谢很快的进食者，这一结论依据于它们的大量的排泄物都是那些没有被完全消化的食物。当角马（或其他反刍动物）到来时，斑马的牧草和踩踏已经把当地的植被进行耗损筛选了。所以当这些反刍动物开始行动时，它们吃的是植物较矮的叶状的部分。所有这些答案都符合了我们最开始提到的胃含量的差异。 
另一方面的解释则是体型的大小。体型较大的动物相对于较小的需要更多的食物，而小型动物具 有更高的代谢率。所以更小的动物可以居住在有少量食物的地方，如果这种食物是具有高能量的话。这就是为什么，具有最小体型的汤氏羚，可以以水果这样一个很有营养，但是对于支撑大型动物来说过于单薄的食物生存下去。相反，大斑马是居住在具有大量低质量茎杆的地方。依次下来，食物选择的差异进而造成了迁移习性的不同。角马的迁移遵循的是当地的降雨类型。 
其他物种的做法也与其相似。但当一个新的地点被发现降水量充足时，哺乳动物以一定的先后顺序向此地迁徙的。较大的，不那么挑剔的进食者斑马最先移入；比较挑剔的稍小的角马第二个；汤氏羚，作为这些当中最小的物种，则是最后。就像斑马给角马，转角牛羚和汤氏羚的食物进行了筛选一样，后进来的物种是要依赖于前面物种给它们所做的准备的。__ 
40 LOIE FULLER (OG) 
The United States dancer Loie Fuller (1862–1928) found theatrical dance in the late nineteenth century artistically unfulfilling. She considered herself an artist rather than a mere entertainer, and she, in turn, attracted the notice of other artists. 
Fuller devised a type of dance that focused on the shifting play of lights and colors on the voluminous skirts or draperies she wore, which she kept in constant motion principally through movements of her arms, sometimes extended with wands concealed under her costumes. She rejected the technical virtuosity of movement in ballet, the most prestigious form of theatrical dance at that time, perhaps because her formal dance training was minimal. Although her early theatrical career had included stints as an actress, she was not primarily interested in storytelling or expressing emotions through dance; the drama of her dancing emanated from her visual effects. Although she discovered and introduced her art in the United States, she achieved her greatest glory in Paris, where she was engaged by the Folies Bergère in 1892 and soon became “La Loie,” the darling of Parisian audiences. Many of her dances represented elements or natural objects—Fire, the Lily, the Butterfly, and so on—and thus accorded well with the fashionable Art Nouveau style, which emphasized nature imagery and fluid, sinuous lines. Her dancing also attracted the attention of French poets and painters of the period, for it appealed to their liking for mystery, their belief in art for art’s sake, a nineteenth-century idea that art is valuable in itself rather than because it may have some moral or educational benefit, and their efforts to synthesize form and content. 
Fuller had scientific leanings and constantly experimented with electrical lighting (which was then in its infancy), colored gels, slide projections, and other aspects of stage technology. She invented and patented special arrangements of mirrors and concocted chemical dyes for her draperies. Her interest in color and light paralleled the research of several artists of the period, notably the painter Seurat, famed for his Pointillist technique of creating a sense of shapes and light on canvas by applying extremely small dots of color rather than by painting lines. One of Fuller’s major inventions was underlighting, in which she stood on a pane of frosted glass illuminated from underneath. This was particularly effective in her Fire Dance (1895), performed to the music of Richard Wagner’s “Ride of the Valkyries.” The dance caught the eye of artist Henri de Toulouse-Lautrec, who depicted it in a lithograph. 
As her technological expertise grew more sophisticated, so did the other aspects of her dances. 
Although she gave little thought to music in her earliest dances, she later used scores by Gluck, Beethoven, Schubert, Chopin, and Wagner, eventually graduating to Stravinsky, Fauré, Debussy, and Mussorgsky, composers who were then considered progressive. She began to address more ambitious themes in her dances such as The Sea, in which her dancers invisibly agitated a huge expanse of silk, played upon by colored lights. Always open to scientific and technological innovations, she befriended the scientists Marie and Pierre Curie upon their discovery of radium and created a Radium Dance, which simulated the phosphorescence of that element. She both appeared in films—then in an early stage of development—and made them herself; the hero of her fairy-tale film Le Lys de la Vie (1919) was played by René Clair, later a leading French film director. 
Proofread By Miffy and Alex Page: 307 / 493 
At the Paris Exposition in 1900, she had her own theater, where, in addition to her own dances, she presented pantomimes by the Japanese actress Sada Yocco. She assembled an all-female company at this time and established a school around 1908, but neither survived her. Although she is remembered today chiefly for her innovations in stage lighting, her activities also touched Isadora Duncan and Ruth St. Denis, two other United States dancers who were experimenting with 
new types of dance. She sponsored Duncan’s first appearance in Europe. Her theater at the Paris Exposition was visited by St. Denis, who found new ideas about stagecraft in Fuller’s work and fresh sources for her art in Sada Yocco’s plays. In 1924 St. Denis paid tribute to Fuller with the duet Valse à la Loie. 
Loie Fuller(1862-1928)作为一位美国的舞者，认为19 世纪末的舞台式舞蹈缺乏艺术性。她把她自己定义为一位艺术家而不仅仅演艺人员，随之下来，她也得到了其他艺术家的关注。 
Fuller 设计了一种注重灯光变换和她所穿的大体积的裙子或布料的颜色的舞蹈，所以她的舞 
姿则主要体现在上肢动作，而有些时候她的服装的体积是需要用隐藏在下面的棍状物体来填充实现的。她没有采用在当时的舞台式舞蹈上声望很高的高技术含量的芭蕾动作，原因可能是她所接受的正式舞蹈培训太少了。虽然在她早期的舞台事业里体现了作为一名艺术家的一些约束，她的主要精力并没有放在通过舞蹈来传递故事或感情上，而是通过视觉效应散发出她舞蹈的戏剧性。 
尽管她是在美国找到并呈现了她的艺术，她最大的成就在巴黎，在1892 年她被Folies Bergere 
（一个巴黎剧院）所雇佣,而不久变成“La Loie”----巴黎观众的宠儿。因为她的很多舞蹈作品例如火，百合花，蝴蝶等等代表的都是一些元素或自然物体，所以它们与注重自然风景和流畅弯曲线条的时尚Art Nouveau 的风格是一致的。她的舞蹈还吸引了当时法国的诗人和画家的注意，因为它符合他们对神秘色彩的喜好，他们对于艺术只为艺术产生的信仰----19 世纪艺术被认为它的本身比它所带来的道德或教育利益更有价值，和他们对外形和内容的合成所做的研究努力。 
Fuller 本人倾向于科学，所以经常试用电气灯光（电灯在那个时候才刚刚面市），染色胶， 
投影片，和其他方面的舞台技术。她对色彩和灯光的研究与当时几位艺术家相应，特别是在画布上以描绘极其细微的点来创造形状和光泽，而不是用线条的而著名的点彩派画家Seurat。Fuller 主要的发明之一是地面照明，意思是她站在一块毛玻璃上，而光是从下面照射上来的。这个发明尤其在她以 Richard Wagner 的“Ride of the Valkyries”作为背景音乐的作品火（1895）中起到了很大作用。 
这个舞蹈吸引了艺术家Henri de Toulouse-Lautrec 的眼球，他把它在石版画中描绘了出来。 
随着她的工艺技术变得更加成熟，也带动了她的舞蹈的其他方面。尽管在她在早期舞蹈作品中， 
没有花太多心思在音乐上，但随后她使用了Gluck, Beethoven, Schubert, Chopin,和Wagner 的乐 
曲，最后则变成了采用在当时被认为进步的一些作曲家的曲子，像Stravinsky, Fauré, Debussy, 和 Mussorgsky。她开始强调更有野心的主题，比如作品大海，在这个作品中舞者们在色光灯所创造的辽阔的隐形丝绸下摇摆。因为Fuller 总是对科技创新抱有很开放的态度，她与科学家Marie 和Pierre 
Curie 在镭的研究中成为了朋友，并创造出了作品镭来模仿该元素的磷光。她也踏足了电影业----那 
个时候还处于早期发展中----她的电影都是自己制作拍摄的；在她的童话电影Le Lys de la Vie (1919) 中饰演英雄角色的，是后来一名知名法国电影导演René Clair。 
在1990 年的巴黎展览会上，她得到了一个独立剧场，在那里，除了她自己的舞蹈，她还呈现了 
日本女演员Sada Yocco 的哑剧。1908 年左右，她成立了一个女子公司并建立了一所学校，但是哪个 
都没有成功。尽管她主要是被她所带来的舞台灯光革新所为人们熟知的，但她的事迹也与Isadora 
Duncan 和Ruth St. Denis, 这两个当时尝试新型舞蹈的舞者有关。她赞助了Duncan 在欧洲的首次亮相。St. Denis 拜访了她在巴黎展览会的博物馆，他分别为Fuller 的作品和她在Sada Yocco 剧本的艺术作为找到了新的编剧想法和鲜活的来源。1924 年，St. Denis 对Fuller 的双人表演Valse à la 
Loie 表达了赞赏。__ 
41 GREEN ICEBERGS (OG)
Icebergs are massive blocks of ice, irregular in shape; they float with only about 12 percent of their mass above the sea surface. They are formed by glaciers—large rivers of ice that begin inland in the snows of Greenland, Antarctica, and Alaska—and move slowly toward the sea. The forward movement, the melting at the base of the glacier where it meets the ocean, and waves and tidal action cause blocks of ice to break off and float out to sea. 
Icebergs are ordinarily blue to white, although they sometimes appear dark or opaque because they carry gravel and bits of rock. They may change color with changing light conditions and cloud cover, glowing pink or gold in the morning or evening light, but this color change is generally related to the low angle of the Sun above the horizon. However, travelers to Antarctica have repeatedly reported seeing green icebergs in the Weddell Sea and, more commonly, close to the Amery Ice Shelf in East Antarctica. 
One explanation for green icebergs attributes their color to an optical illusion when blue ice is illuminated by a near-horizon red Sun, but green icebergs stand out among white and blue icebergs under a great variety of light conditions. Another suggestion is that the color might be related to ice with high levels of metallic compounds, including copper and iron. Recent expeditions have taken ice samples from green icebergs and ice cores—vertical, cylindrical ice samples reaching down to great depths—from the glacial ice shelves along the Antarctic continent. 
Analyses of these cores and samples provide a different solution to the problem. 
The ice shelf cores, with a total length of 215 meters (705 feet), were long enough to penetrate through glacial ice—which is formed from the compaction of snow and contains air bubbles—and to continue into the clear, bubble-free ice formed from seawater that freezes onto the bottom of the glacial ice. The properties of this clear sea ice were very similar to the ice from the green iceberg. The scientists concluded that green icebergs form when a two-layer block of shelf ice breaks away and capsizes (turns upside down), exposing the bubble-free shelf ice that was formed from seawater. 
A green iceberg that stranded just west of the Amery Ice Shelf showed two distinct layers: bubbly blue-white ice and bubble-free green ice separated by a one-meter- long ice layer containing sediments. The green ice portion was textured by seawater erosion. Where cracks were present, the color was light green because of light scattering; where no cracks were present, the color was dark green. No air bubbles were present in the green ice, suggesting that the ice was not formed from the compression of snow but instead from the freezing of seawater. Large concentrations of single-celled organisms with green pigments (coloring substances) occur along the edges of the ice shelves in this region, and the seawater is rich in their decomposing organic material. The green iceberg did not contain large amounts of particles from these organisms, but the ice had accumulated dissolved organic matter from the seawater. It appears that unlike salt, dissolved organic substances are not excluded from the ice in the freezing process. Analysis shows that the dissolved organic material absorbs enough blue wavelengths from solar light to make the ice appear green. 
Chemical evidence shows that platelets (minute flat portions) of ice form in the water and Proofread By Miffy and Alex Page: 315 / 493 then accrete and stick to the bottom of the ice shelf to form a slush (partially melted snow). The slush is compacted by an unknown mechanism, and solid, bubblefree ice is formed from water high in soluble organic substances. When an iceberg separates from the ice shelf and capsizes, the green ice is exposed. 
The Amery Ice Shelf appears to be uniquely suited to the production of green icebergs. Once detached from the ice shelf, these bergs drift in the currents and wind systems surrounding Antarctica and can be found scattered among Antarctica’s less colorful icebergs. 
冰山就是巨大的冰块，它们的形状各不规则；他们在海面上所呈现出来的部分大概只有总量的 
12%。冰山是由冰川----从格陵兰岛, 南极洲, 和阿拉斯加的内陆降雪开始积累成为大河中的冰---- 然后缓慢流入海洋。向前的移动，在进入海洋的时候冰川底部的融化，和波浪与潮汐变化造成了冰块的断裂从而漂浮在海上。 
冰山的颜色一般是从蓝到白，虽然有时会因为他们带有砂砾和石块而显得颜色很深或不透明。在不同情况的光和云量下，它们的颜色呈现可能会随之不同，如在早晨和傍晚的阳光下所呈现的耀眼的粉色或金色，但这个颜色变化大致与太阳位于海平面上的低角度有关。不管怎样，总会有到南极洲的旅游者们报告说在Weddell Sea 看到了绿冰山，南极洲东部Amery Ice Shelf 的附近则更为常见。对于绿冰山的颜色的一个解释是由于纯冰被接近海平面的太阳所照射而造成的错觉，但是绿冰山在很多不同状态的阳光下都能从白色和蓝色冰山中区分出来。另一个解释就是，它的颜色可能与冰里面所含高浓度的金属化合物有关，比如铜和铁。进来的探险队从南极洲的冰架上带回了一些绿色冰山和冰核的样本----到达深度的垂直圆柱型的冰的样本。对这些冰核和样本的分析给问题提供了一个不一样的解决方法。 
215 米长的冰架核已经足够用来穿透由压缩的雪组成，并含有气泡的流动冰，并随后穿透在流动冰的底部由冻结的海水形成的清透的没有气泡的冰。这个清透的冰的性质与绿冰山上的冰十分相似。科学家总结出，绿冰的构成是在两层的架冰分开并翻转过来时，暴露出的没有气泡的海水冰。一个在Amery Ice Shelf 西部滞留的绿冰山呈现出了两个明显的层：含有气泡的白蓝色冰，和没有气泡的绿色冰，它们中间是由1 米长的带有沉积物的冰分隔开的。海水的侵蚀决定了绿色冰的质地。由于光的分散，裂痕处的颜色是浅绿的；而没有裂痕的地方是深绿色。绿色冰中是没有气泡的，因为它是由冻结的海水所构成，而不是压缩的雪。沿着这个地区冰架的边缘，可以发现，带有绿色色素的单细胞生物非常多，而且海水里面含有它们丰富的分解有机物质。绿冰山虽没有包含很多这些生物体的微粒，但从海水中所积累的分解有机物质还是很多的。不同于盐，分解有机物质并没有在结冰过程中被排除掉。分析表明，分解的有机物质会从太阳光中吸收足够的蓝波段，从而使冰呈现出绿色。化学证据表明冰的小盘（微小的平面部分）是在水中构成，然后共生并附着在冰架底部形成一个 slush （部分融化的雪）。Slush 被一种未知的原理压缩成冰，而这种固体，没有气泡的冰形成于可溶解的有机物质多的水。当冰山从冰架上分离并翻转过来时，绿色冰便呈现出来了。__ 
42 CHINESE POTTERY (TPO10) 
China has one of the world's oldest continuous civilizations—despite invasions and occasional foreign rule. A country as vast as China with so long-lasting a civilization has a complex social and visual history, within which pottery and porcelain play a major role. 
The function and status of ceramics in China varied from dynasty to dynasty, so they may be utilitarian, burial, trade-collectors', or even ritual objects, according to their quality and the era in which they were made. The ceramics fall into three broad types—earthenware, stoneware, and porcelain—for vessels, architectural items such as roof tiles, and modeled objects and figures. In addition, there was an important group of sculptures made for religious use, the majority of which were produced in earthenware. 
The earliest ceramics were fired to earthenware temperatures, but as early as the fifteenth century B.C., high-temperature stonewares were being made with glazed surfaces. During the Six Dynasties period (AD 265-589), kilns in north China were producing high-fired ceramics of good quality. Whitewares produced in Hebei and Henan provinces from the seventh to the tenth centuries evolved into the highly prized porcelains of the Song dynasty (AD. 960-1279), long regarded as one of the high points in the history of China's ceramic industry. The tradition of religious sculpture extends over most historical periods but is less clearly delineated than that of stonewares or porcelains, for it embraces the old custom of earthenware burial ceramics with later religious images and architectural ornament. Ceramic products also include lead-glazed tomb models of the Han dynasty, three-color lead-glazed vessels and figures of the Tang dynasty, and Ming three-color temple ornaments, in which the motifs were outlined in a raised trail of slipas well as the many burial ceramics produced in imitation of vessels made in materials of higher intrinsic value. Trade between the West and the settled and prosperous Chinese dynasties introduced new forms and different technologies. One of the most far-reaching examples is the impact of the fine ninth-century AD. Chinese porcelain wares imported into the Arab world. So admired were these pieces that they encouraged the development of earthenware made in imitation of porcelain and instigated research into the method of their manufacture. From the Middle East the Chinese acquired a blue pigment—a purified form of cobalt oxide unobtainable at that time in China—that contained only a low level of manganese. Cobalt ores found in China have a high manganese content, which produces a more muted blue-gray color. In the seventeenth century, the trading activities of the Dutch East India Company resulted in vast quantities of decorated Chinese porcelain being brought to Europe, which stimulated and influenced the work of a wide variety of wares, notably Delft. The Chinese themselves adapted many specific vessel forms from the West, such as bottles with long spouts, and designed a range of decorative patterns especially for the European market. 
Just as painted designs on Greek pots may seem today to be purely decorative, whereas in fact they were carefully and precisely worked out so that at the time, their meaning was clear, so it is with Chinese pots. To twentieth-century eyes, Chinese pottery may appear merely decorative, yet to the Chinese the form of each object and its adornment had meaning and significance. The dragon represented the emperor, and the phoenix, the empress; the pomegranate indicated fertility, Proofread By Miffy and Alex Page: 323 / 493 
and a pair of fish, happiness; mandarin ducks stood for wedded bliss; the pine tree, peach, and crane are emblems of long life; and fish leaping from waves indicated success in the civil service examinations. Only when European decorative themes were introduced did these meanings become obscured or even lost. 
From early times pots were used in both religious and secular contexts. The imperial court commissioned work and in the Yuan dynasty (A.D. 1279-1368) an imperial ceramic factory was established at Jingdezhen. Pots played an important part in some religious ceremonies. Long and often lyrical descriptions of the different types of ware exist that assist in classifying pots, although these sometimes confuse an already large and complicated picture. 尽管，在中国的历史上其短暂的被外国侵略以及占领，但是她仍然拥有世界上最悠久的历史以及 
从古时起直至今日都不断持续的文明（不知能不能直译成最悠久的礼仪或文明之邦）中国是一个大物博以及拥有悠久持续的文明的国家，而陶器和瓷器在其复杂的社会历史以及视觉美观的历史中占据了极为重要的地位。在中国，每一个朝代的陶器的功能和形态都是不同的，所以，他们中有些可能是有实用意义的，有些可能是陪葬品，有些被作为艺术收藏品，有些甚至是宗教仪式上的法器。根据制作他们的年代以及质量。瓷器可以被分为3 大类，土质瓷器，石制瓷器，以及陶瓷制瓷器。比如，容器，诸如瓦之类的建筑的物件，模具或瓷器做的人物。另外，瓷器的类别中还有很重要的一类--主要成分是土的宗教用的瓷器。 
尽管最早的瓷器制作是土器（应该是用土捏制出来的胚子）在合适的温度下烧制而成的，但是早 
在公元前15 世纪，就有石制的瓷器被烧制成釉器。公元960 年到1279 年，这6 个朝代的时段中，中国北方就有人用窑在高温下烧制高质量的瓷器。从第七世纪到第十世纪河北以及河南省产的白瓷逐渐的演变成为在被誉为“中国历史上最强大的陶瓷工厂”的宋朝被人广为称道的瓷器。瓷制神像（应 
该是比如教堂中圣母玛利亚一类人物的瓷器吧、、、）的制作方式在历史上的大部分时段都不断的改进。但是他们对人物的描素并不像石质瓷器以及瓷器描素的那么清晰。因为神像的烧制方法继承了古时候上面拥有宗教图案的土质陪葬瓷器以及建筑装饰品的烧制传统。瓷器制品也包括汉朝的古墓模型的釉 
器，唐3 彩的器皿和人物，明朝3 色的寺庙的装饰品，。。。。。。。。。，很多陪葬瓷器都是用有内在实用价值的材料在器皿的模型中制成的。 
西方国家和繁荣稳定的中国王朝之间的贸易，使瓷器匠们掌握了在瓷器制造方面的新的方法和技 
术。其中一个意义最为深远的例子是公元第九世纪的影响。中国的瓷器进军阿拉伯国家。阿拉伯国家对于中国的瓷器评价很高，这不仅促进了土制瓷器制作技术的发展，也促进了关于土制瓷器制作技术的一些研究的开展和进行。中东国家给中国提供一种蓝色的颜料(一种由当时在中国还没有的氧化钴过滤而得到的成分，这种成分里只含有少量的锰元素),中国自己提供的氧化钴一般都含有大量会让的蓝色变的发灰的锰元素。17 世纪，大量的中国装饰类瓷器通过与荷兰人的东印度公司的交易而流入到了欧洲，这刺激了瓷器匠们去生产更多种类的瓷器，特别是代尔福特陶器。中国人生产了很多种类似于西方器皿一类的陶器，比如带有长的喷水口的瓶子以及专门为欧洲市场设计的一些特别的装饰用的陶器。 
希腊壶罐的画色设计，在今天看来也许纯粹是为了装饰用，然而并非如此，事实上他们在当时都是被精心仔细的制作出来的，这点上中国的瓷器也是一样的。20 世纪的眼光来看，中国制造的瓷器也许仅仅是装饰品，每个物件及它的装饰元素都有特定而重要的意义。龙代表了帝王，凤凰代表了皇后，石榴意味着富饶，双鱼意味着幸福，鸳鸯代表了婚姻的幸福美满，松树，桃树，以及鹤都是长寿的象征，鱼跳出水面意味着在科举上会高中状元。但是（个人认为only 在这里不是仅仅的意思，可能是强调。。。）当欧洲的装饰元素被引进后，这些元素也许慢慢的不再那么流行甚至开始落后。 
早期的壶罐即被用于宗教上，也被用于普通的日常生活上。元朝就有过皇室在景德镇建立皇家瓷 
窑的例子。壶罐在宗教仪式上也有着重要的地位。尽管有时他们身上含有既复杂又很大的图像，但是这些可以帮助我们去对瓷器进行分类。__ 
43 VARIATIONS IN THE CLIMATE (TPO10) 
One of the most difficult aspects of deciding whether current climatic events reveal evidence of the impact of human activities is that it is hard to get a measure of what constitutes the natural variability of the climate. We know that over the past millennia the climate has undergone major changes without any significant human intervention. We also know that the global climate system is immensely complicated and that everything is in some way connected, and so the system is capable of fluctuating in unexpected ways. We need therefore to know how much the climate can vary of its own accord in order to interpret with confidence the extent to which recent changes are natural as opposed to being the result of human activities. Instrumental records do not go back far enough to provide us with reliable measurements of global climatic variability on timescales longer than a century. What we do know is that as we include longer time intervals, the record shows increasing evidence of slow swings in climate between different regimes. To build up a better picture of fluctuations appreciably further back in time requires us to use proxy records. 
Over long periods of time, substances whose physical and chemical properties change with the ambient climate at the time can be deposited in a systematic way to provide a continuous record of changes in those properties overtime, sometimes for hundreds or thousands of years. Generally, the layering occurs on an annual basis, hence the observed changes in the records can be dated. Information on temperature, rainfall, and other aspects of the climate that can be inferred from the systematic changes in properties is usually referred to as proxy data. Proxy temperature records have been reconstructed from ice core drilled out of the central Greenland ice cap, calcite shells embedded in layered lake sediments in Western Europe, ocean floor sediment cores from the tropical Atlantic Ocean, ice cores from Peruvian glaciers, and ice cores from eastern Antarctica. While these records provide broadly consistent indications that temperature variations can occur on a global scale, there are nonetheless some intriguing differences, which suggest that the pattern of temperature variations in regional climates can also differ significantly from each other. 
What the proxy records make abundantly clear is that there have been significant natural changes in the climate over timescales longer than a few thousand years. Equally striking, however, is the relative stability of the climate in the past 10.000 years (the Holocene period). To the extent that the coverage of the global climate from these records can provide a measure of its true variability, it should at least indicate how all the natural causes of climate change have combined. These include the chaotic fluctuations of the atmosphere, the slower but equally erratic behavior of the oceans, changes in the land surfaces, and the extent of ice and snow. Also included will be any variations that have arisen from volcanic activity, solar activity, and, possibly, human activities. 
One way to estimate how all the various processes leading to climate variability will combine is by using computer models of the global climate. They can do only so much to represent the full complexity of the global climate and hence may give only limited information about natural variability. Studies suggest that to date the variability in computer simulations is considerably Proofread By Miffy and Alex Page: 331 / 493 smaller than in data obtained from the proxy records. 
In addition to the internal variability of the global climate system itself, there is the added factor of external influences, such as volcanoes and solar activity .There is a growing body of opinion that both these physical variations have a measurable impact on the climate. Thus we need to be able to include these in our deliberations. Some current analyses conclude that volcanoes and solar activity explain quite a considerable amount of the observed variability in the period from the 
seventeenth to the early twentieth century’s, but that they cannot be invoked to explain the rapid warming in recent decades. 
气候变化 
确定现在的气候事件是否证明人类活动影响的最大困难之一在于很难找到一种方法来确定是 
什么构成了气候的自然可变性。我们知道在过去的几千年里，气候在没有重大人类干预下也经历了主要变化。我们还知道全球气候系统是非常复杂的，所有因素都在某些方面互相联系，因此这个系统以意想不到的方法变化着。因此，我们需要知道气候在多大程度上是自然变化的，以便于确切解释出最近的变化在多大程度上是自然的，或相反是人类活动的结果。 
仪器记录不能追溯回那么久远以提供给我们长于一个世纪的时间标准下的全球气候可变性的可 
信测量方法。我们所确知的就是当我们想包括更长久的时间跨度，记录揭示了在不同制度中缓慢的摇摆的更多的证据。为了建立一个略久远变化的更好的变化描述，需要我们使用替代记录。经过很长一段时间，物理和化学特征随着当时周围的气候变化的物质将会以系统的方法沉 
淀，这可以提供那些特征在超长时间里变化的连续记录, 这个超长时间有时可达几百年或几千年。通常，分层堆积是每年发生的，因此在记录中可观察的变化可以用来确定日期。 关于温度，降雨和气候的其他方面的信息通常都是指替代数据，这些信息可以从这种特征的系统变化中推断出来。 
替代温度记录已被重建通过：钻取自格陵兰冰帽中部的冰核，西欧深嵌在分层湖底沉积物中的方解石壳，取自热带大西洋的海底沉积物核，取自秘鲁冰河的冰核,和取自东南极洲的冰核。尽管这新记录提供了广范一致的迹象指出温度变化可在全球范围内发生，但仍存在引人发问的差异，这些差异表示区域性气候的温度变化方式可以如此不同。 
代理记录所充分解释的是在长于几千年的时间跨度里存在着显著的自然气候变化。但同样令人 
惊讶的是在过去的一万年（全新世）中气候的相对稳定。【*全新世：在地质年表上第四纪后两世从更新世结束一直到现在岩石时期的泥沙时期——译者】 
这些记录中对全球气候的覆盖度已经达到了可以提供气候可变性的方法的程度，它应该至少 
揭示所有引起气候变化的自然原因是怎样结合的。这些原因包括混乱的大气波动，相对较慢但相当混乱的海洋活动，地表变化和冰雪的覆盖度。还包括任何火山活动、太阳活动将会引起的变化。或许也包括人类活动引起的变化。一种可估计所有这些导致气候变化的不同过程是如何结合的方法就是使用计算机全球气候模型。 
它们可以做的只有这么多来描绘全球气候的全部复杂性，因此只能提供自然变化的有限信息。研究表明迄今为止计算机模拟的可变性比取自代理记录的数据少得多。 
除全球气候系统本身的内部变化之外，还存在其他外部影响的因素，如火山或太阳活动。有越来越多的观点认为这两种物理变化对气候有着可测量的影响。因此我们需要能够考虑到这些。一些现在的分析断定火山和太阳活动解释了自17 世纪到20 世纪早期的相当多的可观察到的变化但他们不能用以揭示最近几十年的迅速变暖。__ 
44 SEVENTEENTH-CENTURY EUROPEAN ECONOMIC GROWTH (TPO10) 
In the late sixteenth century and into the seventeenth, Europe continued the growth that had lifted it out of the relatively less prosperous medieval period (from the mid 400s to the late 1400s). Among the key factors behind this growth were increased agricultural productivity and an expansion of trade. 
Populations cannot grow unless the rural economy can produce enough additional food to feed more people. During the sixteenth century, farmers brought more land into cultivation at the expense of forests and fens (low-lying wetlands). Dutch land reclamation in the Netherlands in the sixteenth and seventeenth centuries provides the most spectacular example of the expansion of farmland: the Dutch reclaimed more than 36.000 acres from 1590 to 1615 alone. 
Much of the potential for European economic development lay in what at first glance would seem to have been only sleepy villages. Such villages, however, generally lay in regions of relatively advanced agricultural production, permitting not only the survival of peasants but also the accumulation of an agricultural surplus for investment. They had access to urban merchants, markets, and trade routes. 
Increased agricultural production in turn facilitated rural industry, an intrinsic part of the expansion of industry. Woolens and textile manufacturers, in particular, utilized rural cottage (in-home) production, which took advantage of cheap and plentiful rural labor. In the German states, the ravages of the Thirty Years' War (1618-1648) further moved textile production into the countryside. Members of poor peasant families spun or wove cloth and linens at home for scant remuneration in an attempt to supplement meager family income. 
More extended trading networks also helped develop Europe's economy in this period. English and Dutch ships carrying rye from the Baltic states reached Spain and Portugal. Population growth generated an expansion of small-scale manufacturing, particularly of handicrafts, textiles, and metal production in England, Flanders, parts of northern Italy, the southwestern German states, and parts of Spain. Only iron smelting and mining required marshaling a significant amount of capital (wealth invested to create more wealth). 
The development of banking and other financial services contributed to the expansion of trade. By the middle of the sixteenth century, financiers and traders commonly accepted bills of exchange in place of gold or silver for other goods. Bills of exchange, which had their origins in medieval Italy, were promissory notes (written promises to pay a specified amount of money by a certain date) that could be sold to third parties. In this way, they provided credit. At mid-century, an Antwerp financier only slightly exaggerated when he claimed, “0ne can no more trade without bills of exchange than sail without water." Merchants no longer had to carry gold and silver over long, dangerous journeys. An Amsterdam merchant purchasing soap from a merchant in Marseille could go to an exchanger and pay the exchanger the equivalent sum in guilders, the Dutch currency. The exchanger would then send a bill of exchange to a colleague in Marseille, authorizing the colleague to pay the Marseille merchant in the merchant's own currency after the actual exchange of goods had taken place. 
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Bills of exchange contributed to the development of banks, as exchangers began to provide loans. Not until the eighteenth century, however, did such banks as the Bank of Amsterdam and the Bank of England begin to provide capital for business investment. Their principal function was to provide funds for the state. The rapid expansion in international trade also benefitted from an infusion of capital, stemming largely from gold and silver brought by Spanish vessels from the Americas. This capital financed the production of goods, storage, trade, and even credit across Europe and overseas. Moreover an increased credit supply was generated by investments and loans by bankers and wealthy merchants to states and by joint-stock partnerships - an English 
innovation (the first major company began in 1600). Unlike short-term financial cooperation between investors for a single commercial undertaking, joint-stock companies provided 
permanent funding of capital by drawing on the investments of merchants and other investors who purchased shares in the company. 
17 世纪的欧洲经济增长 
在十六和十七世纪之交，欧洲经济保持着脱离中世纪（公元5 世纪中至公元15 世纪末）衰微的势头继续增长。拉动经济增长最关键的因素是农业生产力的提高和贸易规模的扩大。 
如果乡村经济不能生产足够的食物的话，人口增长就不可能。在十六世纪的时候，农民们砍伐森 
林，开发湿地来扩大耕地面积。荷兰的土地开发利用无疑是十六到十七世纪中最引人注目的：单单是在1590 年到1615 年间，荷兰就开发利用了36000 多英亩的土地。 
欧洲经济增长的巨大潜力是在那些第一眼看过去好像沉睡着的乡镇。这些乡镇大多地处农业相对发达的地区，在这儿，不仅农民得以生存，可用于投资的富余农产品也得以积累。这些乡镇邻近城市的商人，市场以及贸易线路。 
农业的发展反过来促进了工业中的一份子——农村工业的发展。尤其是羊毛和纺织制造商们， 
他们利用农村大量廉价的劳动力来进行工场制的生产。在德国，由“三十年战争”所造成的破坏进一步促使纺织业向乡村迁移。为了补贴本已经微薄的家庭收入，贫困潦倒的农民们通过在家纺织衣料或亚麻来换取少量的报酬。 
扩大的贸易网络也促进了这段时期欧洲经济的增长。英国和荷兰的商船从波罗的海各国带黑麦 
到西班牙和葡萄牙来卖。在英国，佛南德斯，意大利北部，德国西南部和西班牙部分地区，人口的增长促进了小规模手工业的发展，尤其是手工艺品，纺织品和金属制品。 
银行和其他金融服务促进了贸易的发展。到十六世纪中叶，从事金融和贸易的人员已经基本接 
受了使用汇票取代金银进行交易。始于中世纪意大利的汇票是一种可以和第三方进行交易的期票（其上注明在规定时间内支付特定数额的钱）。就这样，这些汇票具有了信用。在这个世纪的中期，一位安特卫普的金融从业人员并没有过分夸张地说：“缺少了汇票，贸易根本就不可能进行下去，比没有水的航行还不可能。”商人就此再也不用携带金银踏上漫长危险的旅途了。一位向马赛商人购买肥皂的阿姆斯特丹商人可以找到一位兑换人，然后付给那位兑换人等值的荷兰货币——荷兰盾。那位兑换方其后将会给他在马赛的同事寄去汇票，凭借此汇票，当货物交易完成后，马赛的兑换人就会以卖家本国的货币支付给卖家相应的钱。 
随着兑换人开始提供贷款服务，汇票对于银行的发展起到了促进作用。然而，直到十八世纪， 
诸如阿姆斯特丹银行和英格兰银行才开始商业投资贷款业务。它们的首要功能是为政府提供资金。 
由西班牙商船从美国带来的金银成为了促进国际贸易快速发展的资本注入。这些资本资助了商品 
的生产，存储，交易，甚至是全欧洲乃至海外的贷款。不仅如此，投资，政府向银行家和商人的借贷以及一项英国的革新——股份制公司（第一家主要的股份制公司始于1600 年）都增加了贷款的供应。与由投资家组成的以单个商业项目为目的的短期财团不同，股份制公司通过商人和其他投资者购买公司股份所带来的投资提供长期的资金筹集。__ 
45 ANCIENT EGYPTIAN SCULPTURE (TPO11) 
In order to understand ancient Egyptian art, it is vital to know as much as possible of the elite Egyptians' view of the world and the functions and contexts of the art produced for them. Without this knowledge we can appreciate only the formal content of Egyptian art, and we will fail to understand why it was produced or the concepts that shaped it and caused it to adopt its distinctive forms. In fact, a lack of understanding concerning the purposes of Egyptian art has often led it to be compared unfavorably with the art of other cultures: Why did the Egyptians not develop sculpture in which the body turned and twisted through space like classical Greek statuary? Why do the artists seem to get left and right confused? And why did they not discover the geometric perspective as European artists did in the Renaissance? The answer to such questions has nothing to do with a lack of skill or imagination on the part of Egyptian artists and everything to do with the purposes for which they were producing their art. 
The majority of three-dimensional representations, whether standing, seated, or kneeling, exhibit what is called frontality: they face straight ahead, neither twisting nor turning. When such statues are viewed in isolation, out of their original context and without knowledge of their function, it is easy to criticize them for their rigid attitudes that remained unchanged for three thousand years. Frontality is, however, directly related to the functions of Egyptian statuary and the contexts in which the statues were set up. Statues were created not for their decorative effect but to play a primary role in the cults of the gods, the king, and the dead. They were designed to be put in places where these beings could manifest themselves in order to be the recipients of ritual actions. Thus it made sense to show the statue looking ahead at what was happening in front of it, so that the living performer of the ritual could interact with the divine or deceased recipient. Very often such statues were enclosed in rectangular shrines or wall niches whose only opening was at the front, making it natural for the statue to display frontality. Other statues were designed to be placed within an architectural setting, for instance, in front of the monumental entrance gateways to temples known as pylons, or in pillared courts, where they would be placed against or between pillars: their frontality worked perfectly within the architectural context. Statues were normally made of stone, wood, or metal. Stone statues were worked from single rectangular blocks of material and retained the compactness of the original shape. The stone between the arms and the body and between the legs in standing figures or the legs and the seat in seated ones was not normally cut away. From a practical aspect this protected the figures against breakage and psychologically gives the images a sense of strength and power, usually enhanced by a supporting back pillar. By contrast, wooden statues were carved from several pieces of wood that were pegged together to form the finished work, and metal statues were either made by wrapping sheet metal around a wooden core or cast by the lost wax process. The arms could be held away from the body and carry separate items in their hands; there is no back pillar. The effect is altogether lighter and freer than that achieved in stone, but because both perform the same function, formal wooden and metal statues still display frontality. Apart from statues representing deities, kings, and named members of the elite that can be called formal, there is another group of three-dimensional representations that depicts generic figures, frequently servants, from the nonelite population. The function of these is quite different. 
Many are made to be put in the tombs of the elite in order to serve the tomb owners in the afterlife. 
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Unlike formal statues that are limited to static poses of standing, sitting, and kneeling, these figures depict a wide range of actions, such as grinding grain, baking bread, producing pots, and making music, and they are shown in appropriate poses, bending and squatting as they carry out their tasks. 
古埃及雕塑 
为了能深入理解古埃及艺术，极为重要的一点是要尽可能多地了解其精英阶层的世界观以及当时 
艺术创造的功能和背景。若是没有这些认识，我们只能窥探到古埃及艺术的外在情境而无法理解它们创造出来的目的和所秉持的理念，也无法得知其采用的独特艺术形式的原因。事实上，正是因为人们缺乏对这些根本意义的了解，让古埃及文化艺术在与其他艺术进行对比时往往遭到质疑：为什么古埃及的雕塑作品不像古希腊的经典作品那样，在空间上进行弯曲和旋转？为什么那些艺术家看上去似乎都左右不分？又是为什么，在那些艺术作品里，完全没有体现过文艺复兴时期欧洲艺术里普遍采用的几何透视？然而，这些问题的答案完全不能说明古埃及的艺术家技艺不佳或者缺乏想象力，而恰恰体现了他们创造这些艺术的意义所在。在大部分立体三维的雕像中，无论是站着，坐着抑或是跪着的，都体现着一种成为“正面 
描绘”的手法：它们往往直面前方，从不弯曲或翻转。如果脱离对其原始情境的了解和功能作用的认识这样单独看去，你将会对它们三千年不变的僵硬姿态发出责难。然而事实上，这种“正面描绘”的展示手法与古埃及雕塑的功能和创造背景有着密切的联系。当时，雕塑被创造出来不仅仅作为装饰，更重要的是应用于对神灵、国王和逝者的祭祀典礼上。它们被特地放置着，使那些接受膜拜的神灵和人物得以显现，能够更直接地观看到整个仪式的表演，并能与表演者互通心灵，传达神意。这些雕塑通常被放置在只有正面开口的矩形神龛或者壁龛中，这样也使得这些作品必须通过正面展现。有些雕塑也被放置在建筑系列中，比如说，塔门（神殿通道入口的纪念碑）的正前方，和支柱结构法庭中的支柱对面或者两柱之间——正是这种正面展示方式让这些雕塑都与周围的建筑环境相得益彰。 
这些雕塑通常是由石头，木材和金属做成的。石制雕像是用长方形的石料制成，并且保持着原有 的形状和比例。站姿雕塑的身体与胳膊之间、两腿之间的石料或者是坐姿石像的大腿与座位之间的石料通常不会去掉。从实际的外形来看通常石像会在背部增加一个支撑柱已达到保护石像的外形以免出现断裂并且在心理上展现并且增强一种力量与权利的感觉。与之相比，木质雕像是把许多块木头钉在一起再进行雕刻而成的，金属雕塑是在木质的内里外涂上一层薄薄的金属，或是再用蜡抛光。手臂可以离开身体并且保持拿在手中的东西与手之间相隔离。它们也没有背部支柱。效果相比于石质雕塑更亮表述也更自如。但是因为都是用于相同的用途，木质的和金属的雕塑依旧是正面描绘的表现形式。 
除去为神灵，国王和有记载的贵族成员所塑的雕像会有特定的外形，其他的非贵族成员中和频繁 
出现的仆人都是用通用的一般化外表来描绘的。很多都被制作出来放进贵族的棺材为的是在来生服侍墓地的主人。不像一般的雕塑那样局限在站、坐或者跪几个静态的姿势里。这些图像描绘的行动相当多样，例如研磨谷物，烤焙面包，制作瓦罐或者演奏音乐，同时他们以适当的姿势，或弯腰或蹲下来完成他们的工作。 
46 ORIENTATION AND NAVIGATION (TPO11) 
To South Americans, robins are birds that fly north every spring. To North Americans, the 
robins simply vacation in the south each winter. Furthermore, they fly to very specific places in South America and will often come back to the same trees in North American yards the following spring. The question is not why they would leave the cold of winter so much as how they find their way around. The question perplexed people for years, until, in the 1950s, a German scientist named Gustave Kramer provided some answers and, in the process, raised new questions. Kramer initiated important new kinds of research regarding how animals orient and navigate. Orientation is simply facing in the right direction; navigation involves finding ones way from point A to point B. 
Early in his research, Kramer found that caged migratory birds became very restless at about the time they would normally have begun migration in the wild. Furthermore, he noticed that as they fluttered around in the cage, they often launched themselves in the direction of their normal migratory route. He then set up experiments with caged starlings and found that their orientation was, in fact, in the proper migratory direction except when the sky was overcast, at which times there was no clear direction to their restless movements. Kramer surmised, therefore, that they were orienting according to the position of the Sun. To test this idea, he blocked their view of the Sun and used mirrors to change its apparent position. He found that under these circumstances, the birds oriented with respect to the new "Sun." They seemed to be using the Sun as a compass to determine direction. At the time, this idea seemed preposterous. How could a bird navigate by the Sun when some of us lose our way with road maps? Obviously, more testing was in order. 
So, in another set of experiments, Kramer put identical food boxes around the cage, with food in only one of the boxes. The boxes were stationary, and the one containing food was always at the same point of the compass. However, its position with respect to the surroundings could be changed by revolving either the inner cage containing the birds or the outer walls, which served as the background. As long as the birds could see the Sun, no matter how their surroundings were altered, they went directly to the correct food box. Whether the box appeared in front of the right wall or the left wall, they showed no signs of confusion. On overcast days, however, the birds were disoriented and had trouble locating their food box. 
In experimenting with artificial suns, Kramer made another interesting discovery. If the artificial Sun remained stationary, the birds would shift their direction with respect to it at a rate of about 15 degrees per hour, the Sun's rate of movement across the sky. Apparently, the birds were assuming that the "Sun" they saw was moving at that rate. When the real Sun was visible, however, the birds maintained a constant direction as it moved across the sky. In other words, they were able to compensate for the Sun's movement. This meant that some sort of biological clock was operating-and a very precise clock at that. 
What about birds that migrate at night? Perhaps they navigate by the night sky. To test the idea, caged night-migrating birds were placed on the floor of a planetarium during their migratory period. A planetarium is essentially a theater with a domelike ceiling onto which a night Proofread By Miffy and Alex Page: 354 / 493 
sky can be projected for any night of the year. When the planetarium sky matched the sky outside, the birds fluttered in the direction of their normal migration. Butwhen the dome was rotated, the birds changed their direction to match the artificial sky. The results clearly indicated that the birds were orienting according to the stars. 
There is accumulating evidence indicating that birds navigate by using a wide variety of environmental cues. Other areas under investigation include magnetism, landmarks, coastlines, sonar, and even smells. The studies are complicated by the fact that the data are sometimes contradictory and the mechanisms apparently change from time to time. Furthermore, one sensory ability may back up another. 
47 BEGGING BY NESTLINGS (TPO11) 

Many signals that animals make seem to impose on the signalers costs that are overly damaging. A classic example is noisy begging by nestling songbirds when a parent returns to the nest with food. These loud cheeps and peeps might give the location of the nest away to a listening hawk or raccoon, resulting in the death of the defenseless nestlings. In fact, when tapes of begging tree swallows were played at an artificial swallow nest containing an egg, the egg in that “noisy” nest was taken or destroyed by predators before the egg in a nearby quiet nest in 29 of 37 trials. Further evidence for the costs of begging comes from a study of differences in the begging calls of warbler species that nest on the ground versus those that nest in the relative safety of trees. The young of ground-nesting warblers produce begging cheeps of higher frequencies than do their tree-nesting relatives. These higher-frequency sounds do not travel as far, and so may better conceal the individuals producing them, who are especially vulnerable to predators in their ground nests. David Haskell created artificial nests with clay eggs and placed them on the ground beside a tape recorder that played the begging calls of either tree-nesting or of ground-nesting warblers. The eggs “advertised” by the tree-nesters' begging calls were found bitten significantly more often than the eggs associated with the ground-nesters' calls. The hypothesis that begging calls have evolved properties that reduce their potential for attracting predators yields a prediction: baby birds of species that experience high rates of nest predation should produce softer begging signals of higher frequency than nestlings of other species less often victimized by nest predators. This prediction was supported by data collected in one survey of 24 species from an Arizona forest, more evidence that predator pressure favors the evolution of begging calls that are hard to detect and pinpoint. Given that predators can make it costly to beg for food, what benefit do begging nestlings derive from their communications? One possibility is that a noisy baby bird provides accurate signals of its real hunger and good health, making it worthwhile for the listening parent to give it food in a nest where several other offspring are usually available to be fed. If this hypothesis is true, then it follows that nestlings should adjust the intensity of their signals in relation to the signals produced by their nestmates, who are competing for parental attention. When experimentally deprived baby robins are placed in a nest with normally fed siblings, the hungry nestlings beg more loudly than usual—but so do their better-fed siblings, though not as loudly as the hungrier birds. 
If parent birds use begging intensity to direct food to healthy offspring capable of vigorous begging, then parents should make food delivery decisions on the basis of their offsprings calls. Indeed, if you take baby tree swallows out of a nest for an hour feeding half the set and starving the other half, when the birds are replaced in the nest, the starved youngsters beg more loudly than the fed birds, and the parent birds feed the active beggars more than those who beg less vigorously. As these experiments show, begging apparently provides a signal of need that parents use to make judgments about which offspring can benefit most from a feeding. But the question arises, why don't nestlings beg loudly when they aren't all that hungry? By doing so, they could possibly secure more food, which should result in more rapid growth or larger size, either of which is Proofread By Miffy and Alex Page: 361 / 493 advantageous. The answer lies apparently not in the increased energy costs of exaggerated begging—such energy costs are small relative to the potential gain in calories— but rather in the damage that any successful cheater would do to its siblings, which share genes with one another. An individual's success in propagating his or her genes can be affected by more than just his or her own personal reproductive success. Because close relatives have many of the same genes, animals that harm their close relatives may in effect be destroying some of their own genes. Therefore, a begging nestling that secures food at the expense of its siblings might actually leave behind fewer copies of its genes overall than it might otherwise. 
48 WHICH HAND DID THEY USE? (TPO12) 

We all know that many more people today are right-handed than left-handed. Can one trace this same pattern far back in prehistory? Much of the evidence about right-hand versus left-hand dominance comes from stencils and prints found in rock shelters in Australia and elsewhere, and in many Ice Age caves in France, Spain, and Tasmania. When a left hand has been stenciled, this implies that the artist was right-handed, and vice versa. Even though the paint was often sprayed on by mouth, one can assume that the dominant hand assisted in the operation. One also has to make the assumption that hands were stenciled palm downward—a left hand stenciled palm upward might of course look as if it were a right hand. Of 158 stencils in the French cave of Gargas, 136 have been identified as left, and only 22 as right; right-handedness was therefore heavily predominant. 
Cave art furnishes other types of evidence of this phenomenon. Most engravings, for example, are best lit from the left, as befits the work of right-handed artists, who generally prefer to have the light source on the left so that the shadow of their hand does not fall on the tip of the engraving tool or brush. In the few cases where an Ice Age figure is depicted holding something, it is mostly, though not always, in the right hand. 
Clues to right-handedness can also be found by other methods. Right-handers tend to have longer, stronger, and more muscular bones on the right side, and Marcellin Boule as long ago as 1911 noted the La Chapel le-aux-Saints Neanderthal skeleton had a right upper arm bone that was noticeably stronger than the left. Similar observations have been made on other Neanderthal skeletons such as La Ferrassie I and Neanderthal itself. 
Fractures and other cut marks are another source of evidence. Right-handed soldiers tend to be wounded on the left. The skeleton of a 40- or 50-year-old Nabatean warrior, buried 2,000 years ago in the Negev Desert, Israel, had multiple healed fractures to the skull, the left arm, and the ribs. 
Tools themselves can be revealing. Long-handed Neolithic spoons of yew wood preserved in Alpine villages dating to 3000 B.C. have survived; the signs of rubbing on their left side indicate that their users were right-handed. The late Ice Age rope found in the French cave of Lascaux consists of fibers spiraling to the right, and was therefore tressed by a righthander. 
Occasionally one can determine whether stone tools were used in the right hand or the left, and it is even possible to assess how far back this feature can be traced. In stone toolmaking experiments, 
Nick Toth, a right-hander, held the core (the stone that would become the tool) in his left hand 
and the hammer stone in his right. As the tool was made, the core was rotated clockwise, and the flakes, removed in sequence, had a little crescent of cortex (thecore's outer surface) on the side. Toth's knapping produced 56 percent flakes with the cortex on the right, and 44 percent left-oriented flakes. A left-handed toolmaker would produce the opposite pattern Toth has applied these criteria to the similarly made pebble tools from a number of early sites (before 1.5 million years) at Koobi For a, Kenya, probably made by Homo habilis. At seven sites he found that 57 percent of the flakes were right-oriented, and 43 percent left, a pattern almost identical to that produced today. 
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About 90 percent of modern humans are right-handed: we are the only mammal with a preferential use of one hand. The part of the brain responsible for fine control and movement is located in the left cerebral hemisphere, and the findings above suggest that the human brain was already asymmetrical in its structure and function not long after 2 million years ago. Among 
Neanderthalers of 70,000 – 35,000 years ago, Marcellin Boule noted that the La 
Chapelle-aux-Saints individual had a left hemisphere slightly bigger than the right, and the same was found for brains of specimens from Neanderthal, Gibraltar, and La Quina. 
他们到底用哪只手？我们都知道，活在当下的人们更多是使用右手而非左手。能不能在史前查找出这一相似的性状呢？有太多的来自澳大利亚地区的石屋中模板和字迹以及冰河期法国西班牙以及塔斯马尼亚地区的岩洞上搜集到的证据证明右手较之于左手的优势。当一个左手被用于塑模时就反向暗示了制作他的工匠惯于使用右手。即使是制作一幅画作需要一个月左右的喷涂，也可以想象惯用手是如何在这一过程中起到协助作用的。另一个假设是被用于塑模的手手掌向下-一只左手塑模朝上也许让它看起来像一只右手。在法国Gargas 岩洞中的158 个模板中，有136 个鉴定确认为左手，只有22 个是右手；右手习惯毫无疑问是据绝对主导地位的。岩洞艺术的其他形式也为这一现象提供了依据。例如大多数的雕版都是左起的光照最好，因为是配合惯用右手的工匠的工作，他们经常喜欢让光线从左边照过来以便他们手的影子不会投射在雕板工具或是刷子的末端。很多冰河时期的雕塑都被雕刻为拿着一些物品的摸样，尽管不是绝对的，但是起码大多数都是放在右手上。 
其他方法也能理出右手使用习惯的线索。右撇子的右侧身体会趋于更长，更壮，更多肌肉的骨 
骼。Marcellin Boule 早在1911 提到的尼安德特人的骨架有一个右侧上肢骨骼要明显强壮与左侧。对其他尼安德特人的骨架也曾做过类似的调查，例如la Ferrassie 和尼安德特人本族的族人。断痕与割痕也是论据的另一来源。右撇子勇士一般都是左侧容易受伤。在内盖夫的戈壁中被埋 
了2000 多年的一个40-50 岁之间的Nabatean 勇士的骨架，在他的头部，左臂和肋骨上有多处已愈合的伤痕。 
工具的本身也会反映这一现象。长条型新石器时代的紫杉木质勺子从史前3000 年一直完好的保存到现在。在它左侧的磨痕证明了他们的主人惯用右手。在法国的拉克斯岩洞艺术找到的晚石器时代的绳子是由向右旋转的纤维捆成的，当然也就证实了出自右撇子之手。 
偶尔也能确定石器是左手适用还是右手使用，甚至可以查出这些特征是在多远的过去被留下的。在石器制造试验中，Nick toth,一个右撇子用左手拿着一个石胚（就是一块是要成为工具的石头）同时用右手抡锤。由于工具的作用，胚子顺时针的旋转的同时，小碎片一点点的去掉，在一侧留下月牙状的表层（石头胚子的表面）。Toth’s 的敲打产生的碎痕百分之56 留在了右侧的表面，百分之 44 留在了左侧朝向的碎痕。一个左撇子工匠则会生产出相反的花纹，Toth 将这种标准对照到数个在Kombi Fora（距今一百五十万年前）发现的类似卵石工具上，他在七个地点找到的百分之57 的碎痕是右侧朝向，而百分之47 是左侧朝向，就和今天我们所生产的花纹一样。 
大约百分之九十的现代人是右撇子；我们都是只是优先使用一只手的哺乳动物。大脑负责良好的控制行动的区域位于脑部的左半球，这也证明的人类大脑的机构和功能上的不对称性在两百万年前就 
已经定型了。在距今70000 到35000 年的尼安德特人中， Marcellin Boule 发现La 
Chapelle-aux-Saints（某人种吧）的个体的左脑半球稍微比右边大一点，与之类似的也被发现在尼安德特人，直布罗陀人和拉昆尼亚人种的脑型中 
49 TRANSITION TO SOUND IN FILM (TPO12) 
The shift from silent to sound film at the end of the 1920s marks, so far, the most important transformation in motion picture history. Despite all the highly visible technological developments in theatrical and home delivery of the moving image that have occurred over the decades since then, no single innovation has come 
close to being regarded as a similar kind of watershed. In nearly every language, however the words are phrased, the most basic division in cinema history 
lies 
between films that are mute and films that speak. 
Yet this most fundamental standard of historical periodization conceals a host of paradoxes. 
Nearly every movie theater, however modest, had a piano or organ to provide musical accompaniment to silent pictures. In many instances, spectators in the era before recorded sound experienced elaborate aural presentations alongside movies' visual images, from the Japanese benshi (narrators) crafting multivoiced dialogue narratives to original musical compositions performed by symphony-size orchestras in Europe and the United States. In Berlin, for the premiere performance outside the Soviet Union of The Battleship Potemkin, film director Sergei 
Eisenstein worked with Austrian composer Edmund Meisel (1874-1930) on a musical score matching sound to image; the Berlin screenings with live music helped to bring the film its wide international fame. 
Beyond that, the triumph of recorded sound has overshadowed the rich diversity of technological and aesthetic experiments with the visual image that were going forward simultaneously in the 1920s. New color processes, larger or differently shaped screen sizes, multiple-screen projections, even television, 
were among the developments invented or tried out during the period, sometimes with startling success. The high costs of converting to sound and the early limitations of sound technology were among the factors that suppressed innovations or 
retarded advancement in these other areas. The introduction of new screen formats was put off for a quarter century, and color, though utilized over the next two decades for special productions, also did not become a norm until the 1950s. 
Though it may be difficult to imagine from a later perspective, a strain of critical opinion in the 
1920s predicted that sound film would be a technical novelty that would soon fade from sight, just as had many previous attempts, dating well back before the First World War, to link images with recorded sound. These critics were making a common assumption—that the technological inadequacies of earlier efforts (poor synchronization, weak sound amplification, fragile sound recordings) would invariably occur again. To be sure, their evaluation of the technical flaws 
in 1920s sound experiments was not so far off the mark, yet they neglected to take into account important new forces in the motion picture field that, in a sense, would not take no for an answer. These forces were the rapidly expanding electronics and telecommunications companies that were developing and linking 
telephone and wireless technologies in the 1920s. In the United States, they included such firms as American Telephone and Telegraph. General Electric, and 
Westinghouse They were interested in all forms of sound technology and all potential avenues for commercial exploitation. 
Their competition and collaboration were creating the broadcasting industry in the United 
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States, beginning with the introduction of commercial radio programming in the early 1920s. 
With financial assets considerably greater than those in the motion picture industry, and perhaps a wider vision of the relationships among entertainment and communications media, they revitalized research into recording sound for motion pictures. In 1929 the United States motion picture industry released more than 300 sound films—a rough figure, since a number were 
silent films with music tracks, or films prepared in dual versions, to take account of the many cinemas not yet wired for sound. At the production level, in the United States the conversion was virtually complete by 1930. In Europe it took a little longer, mainly because there were more small producers for whom the costs of sound were prohibitive, and in other parts of the world problems 
with rights or access to equipment delayed the shift to sound production for a few more 
years 
(though cinemas in major cities may have been wired in order to play foreign sound films). 
The 
triumph of sound cinema was swift, complete, and enormously popular. 
电影声音的演变 
电影史上最为重大的一次过渡——电影从无声到有声的跨越发生在1920 年的年底。尽管在戏剧 
和家庭成像的多元化方面更高级的视觉技术在之前已经发展了十年，依然没有一项类似的发明出现可以被归入这次转折。但是在所有语言中几乎都是这样描述的：电影史上最基本的分水岭就是从默片到电影中语音的加入。 
这项历史周期中最基础的的标志性事件却隐藏在一系列的矛盾中。尽管在几乎每家庄重的剧院中，都有一架钢琴或是其他乐器来给无声的画面提供配乐。在一些实例中，录音时代之前的观众都亲历过那种在电影放映画面的同时旁边是复杂的音效呈现，从日本的benshi(口技)的多点音效的对话演绎到欧洲和美国由管弦交响乐乐队演奏的专门为电影谱写的曲谱。在柏林，为了能在露天公演的关于苏联的波利金战役，该片导演Sergei Eisenstein 与奥地利的作曲家Edmund Meisel 合作创作与电影相匹配的音效；柏林的放映电影的同时现场演奏音乐让这种电影形式有了国际影响力。 
除此之外，录音的辉煌仍旧被遮挡在视觉呈现的丰富的技术和美学体验类型下直到1920 年。在这 
期间充斥着新技术的发明或者提出，有一些甚至取得了成功，新的色彩处理，更大的和不同尺寸的屏幕，多屏放映的设计，甚至是电视。声音转化的高成本和早期声音技术的局限成为了抑制或妨碍了这些发明的在其所在领域的优势。新型屏幕设计的引进被推迟了25 年，彩色，在接下来的20 年除了用于特殊生产外，一直到1950 年都还不是标准。 
虽然这件在事后很难想象，但是在1920 年一个倾向性的批判性观点预测有声电影仅仅作为一项 
新奇的技术将会迅速从视线中退去，就像之前的许多试图将图像与录音连接在一起的尝试一样，而这可以追溯到一战之前。这些批评家都持有一个共同的假设，那就是早期成果的技术缺陷仍将不可避免的发声（较差的同步性，微小的音量和断断续续的录音）。为了证实这个观点，他们在1920 年的声音试验中所估测的技术缺陷仍然很大，之后他们就不再对这一电影范畴内的重要力量进行考虑了，从某种意义上说，是不再特意的关注结果。 
而在1920 年，这个了力量急速的扩张发展出了连接电话与无线电工艺的电子公司和电子通讯 
公司。在美国，他们包括了像美国电话与电报这样的公司。通用电器公司，威斯汀豪斯都对声音技术的各种形式和一切商业开发潜力表示感兴趣 
在1920 年的早期，这些竞争与合作开创了美国的广播产业，开始引入了商业广播节目。由 
于财富贡献明显的比那些电影工业的多，而且他们在娱乐与交互媒体之间的关系上有一个更广的看法，他们重启了电影配音的研究，一个粗略的统计表明，1929 年美国的电影产业放出了超过300 部有声电影，同时还有一定数量的默片音轨，或者为电影准备两个版本以照顾一些还没有声音部件的电影院。美国在生产环节的转换最终完成与1930 年。欧洲要稍微晚一点更多是因为他们有很多小型的无法负担音效成本的生产商，另一部分原因是对于专利权和许可领域问题而使设备的配备拖延了声音产业的转变很多年（尽管很多大城市的电影院为了播放外国电影可能已经添加了设备）。有声电影取得了胜利，并迅速，完全，广泛的流行起来 
50 WATER IN THE DESERT (TPO12) 
Rainfall is not completely absent in desert areas, but it is highly variable. An annual rainfall of four inches is often used to define the limits of a desert. The impact of rainfall upon the surface water and groundwater resources of the desert is greatly influenced by landforms. Flats and depressions where water can collect are common features, but they make up only a small part of the landscape. 
Arid lands, surprisingly, contain some of the world’s largest river systems, such as the 
Murray-Darling in Australia, the Rio Grande in North America, the Indus in Asia, and the Nile in Africa. These rivers and river systems are known as "exogenous" because their sources lie outside the arid zone. They are vital for sustaining life in some of the driest parts of the world. For centuries, the annual floods of the Nile, Tigris, and Euphrates, for example, has brought fertile silts and water to the 
inhabitants of their lower valleys. Today, river discharges are increasingly controlled by human intervention, creating a need for international river-basin agreements. The filling of the Ataturk and other dams in Turkey has drastically reduced flows in the Euphrates, with potentially serious consequences for Syria and Iraq. 
The flow of exogenous rivers varies with the season. The desert sections of long rivers respond several months after rain has fallen outside the desert, so that peak flows may be in the dry season. This is useful for irrigation, but the high temperatures, low humidity, and different day lengths of the dry season, compared to the normal growing season, can present difficulties with some crops. 
Regularly flowing rivers and streams that originate within arid lands are known as 
"endogenous." These are generally fed by groundwater springs, and many issue from limestone massifs, such as the Atlas Mountains in Morocco. Basaltic rocks also support springs, notably at the Jabal Al-Arab on the Jordan-Syria border. Endogenous Rivers often do not reach the sea but drain into inland basins, where the water evaporates or is lost in the ground. Most desert streambeds are normally dry, but they occasionally receive large flows of water and sediment. Deserts contain large amounts of groundwater when compared to the amounts they hold in surface stores such as lakes and rivers. But only a small fraction of groundwater enters the hydrological cycle-feeding the flows of streams, maintaining lake levels, and being recharged (or refilled) through surface flows and rainwater. In recent years, groundwater has become an increasingly important source of freshwater for desert dwellers. The United Nations Environment Programme and the World Bank have funded attempts to survey the groundwater resources of arid lands and to develop appropriate extraction techniques. Such programs are much needed because in many arid lands there is only a vague idea of the extent of groundwater resources. It is known, however, that the distribution of groundwater is uneven, and that much of it lies at great depths. 
Groundwater is stored in the pore spaces and joints of rocks and unconsolidated (unsolidified) sediments or in the openings widened through fractures and weathering. The water-saturated rock or sediment is known as an "aquifer". Because they are porous, sedimentary rocks, such as sandstones and conglomerates, are important potential sources of groundwater. Large Proofread By Miffy and Alex Page: 388 / 493 quantities of water may also be stored in lime stones when joints and cracks have been enlarged to form cavities. Most limestone and sandstone aquifers are deep and extensive but may contain ground 
waters that are not being recharged. Most shallow aquifers in sand and gravel deposits produce lower yields, but they can be rapidly recharged. Some deep aquifers are known as 
"fossil waters. The term "fossil" describes water that has been present for several thousand years. 
These aquifers became saturated more than 10,000 years ago and are no longer being recharged. Water does not remain immobile in an aquifer but can seep out at springs or leak into other aquifers. The rate of movement may be very slow: in the Indus plain, the movement of saline (salty) ground waters has still not reached equilibrium after 70 years of being tapped. The mineral content of groundwater normally increases with the depth, but even quite shallow aquifers can be highly saline. 
沙漠中的水源沙漠中并不是完全没有降雨，只不过是变数很大。通常一年以内降雨次数少于4 次是定义沙漠的限定条件。降水对沙漠地表和地底的水资源的影响很大程度上取决于地貌。平原和洼地是水源聚集的共同地貌特征，不过他们只占地表的很小一部分。 
令人惊奇的是，干旱地区往往都存在着世界上最大的河流流域，例如澳大利亚的墨累-达令河，北美洲的格兰德河，亚洲的印度河，以及非洲的尼罗河。这些河流被称作和所在的流域因为河的源头在干旱地区以外而被称为“外流河”。他们对于全世界沙漠地区的生命的存活至关重要。几个世纪以来，尼罗河每年都会定期泛滥。举个例子，幼发拉底河和底格里斯河都会把大量的肥沃的泥沙和水源带给下游低洼地带的居民。现在，河水的流量越来越多的受到人类的干涉，产生了国际性的河流流域的协议。阿卡杜克水坝以及其他一些建在土耳其
境内的大坝就极大的减少了幼发拉底河的径流量，潜移默化的给叙利亚河和伊拉克造成了严重的后果。 
外流河的径流量通常受季节影响。雨季过后，从外部流入沙漠区域的长河可以持续好几个月，以便保持干旱时节的相对较少的径流量。这虽然有助于灌溉，但是高温，低湿，以及干旱时节与众不同的日照时长，相比正常的生长季节也很难栽种一些作物。 
通常发源地在干旱地区的河流和溪水被称为“内流河”。它们通常是又地下水的泉眼供给，也一些石灰岩断层中流出的水源供给，例如摩洛哥的阿特拉斯山。Basaltic 岩石也提供源头水，比较著名的就是约旦和叙利亚交接的Jabal Al-Arab.内流河通常都不会到达大海而是注入内陆的低地的同时蒸发或者消失在地表。大多数沙漠的河床通常都是干枯的，偶有比较大的径流和沉积物。相比于地表所的湖泊和河流含有的水量，沙漠中地下水的贮藏量要大得多。不过只有一小部分地下水参与了河流的水循环，保持湖泊的水位，并通过地表径流和降雨进行再造（再注入）。近些年来，地下水作为沙漠住民的活水来源的重要性日益加重。美国国家环境总署和世界银行开始拨款尝试调查统计干旱地区的地下水资源并发展合适的开采技术。像这样的工程非常必要因为在干旱地区对于地下水资源的保有量的概念非常模糊。然而可以确定的是，地下水资源的分布非常不均匀，且大多埋藏在很深的地底。 
地下水一般储存在多孔道的地区和连接岩层的未凝固沉积层或者是通过风华和断裂形成的宽阔的孔洞。饱含水的岩石或沉积物被称为“蓄水层”。因为沉
积岩的多孔性，比如砂岩和砾岩，都是地下水的重要潜在源头。大量的水资源也可能储存在石灰岩中，只要联结和裂口足够大到形成容器。大多数石灰岩和砂岩蓄水层很深且广大，但是保有的水资源是不能再生的。大多数沙石中的较浅的蓄水层只有较小的保有量，但是他们可以迅速的再生。一些深层的蓄水曾被称为“化石水”。“化石” 的意思是说这里的水已经被保存了几千年之久。这些蓄水层充满水起码已经1 万年以上了，而其他们在短期之内是无法再生的。 
水在贮存在蓄水层中不是保持不流动的，而是通过泉眼或是渗漏进入其他的蓄水层，可以流动的比例可能很低；在印度平原，流动的含盐地下水在开发了70 年以后依旧不能达到平静。矿石中保有的地下水通常会增加蓄水层的深度，但是较浅的安静蓄水层会饱含盐分。__ 
51 TYPES OF SOCIAL GROUPS (TPO13) 
Life places us in a complex web of relationships with other people. Our humanness arises out of these relationships in the course of social interaction. Moreover, our humanness must be sustained through social interaction—and fairly constantly so. When an association continues long enough for two people to become linked together by a relatively stable set of expectations, it is called a relationship. 
People are bound within relationships by two types of bonds: expressive ties and instrumental ties. Expressive ties are social links formed when we emotionally invest ourselves in and commit ourselves to other people. Through association with people who are meaningful to us, we achieve a sense of security, love, acceptance, companionship, and personal worth. Instrumental ties are social links formed when we cooperate with other people to achieve some goal. Occasionally, this may mean working with instead of against competitors. More often, we simply cooperate with others to reach some end without endowing the relationship with any larger significance. 
Sociologists have built on the distinction between expressive and instrumental ties to distinguish between two types of groups: primary and secondary. A primary group involves two or more people who enjoy a direct, intimate, cohesive relationship with one another. Expressive ties predominate in primary groups; we view the people as ends in themselves and valuable in their own right. A secondary group entails two or more people who are involved in an impersonal relationship and have come together for a specific, practical purpose. Instrumental ties predominate in secondary groups; we perceive people as means to ends rather than as ends in their own right. Sometimes primary group relationships evolve out of secondary group relationships. This happens in many work settings. People on the job often develop close relationships with coworkers as they come to share gripes, jokes, gossip, and satisfactions. A number of conditions enhance the likelihood that primary groups will arise. First, group size is important. We find it difficult to get to know people personally when they are milling about and dispersed in large groups. In small groups we have a better chance to initiate contact and establish rapport with them. Second, face-to-face contact allows us to size up others. Seeing and talking with one another in close physical proximity makes possible a subtle exchange of ideas and feelings. And third, the probability that we will develop primary group bonds increases as we have frequent and continuous contact. Our ties with people often deepen as we interact with them across time and gradually evolve interlocking habits and interests. 
Primary groups are fundamental to us and to society. First, primary groups are critical to the socialization process. Within them, infants and children are introduced to the ways of their society. Such groups are the breeding grounds in which we acquire the norms and values that equip us for social life. Sociologists view primary groups as bridges between individuals and the larger society because they transmit, mediate, and interpret a society's cultural patterns and provide the sense of oneness so critical for social solidarity. 
Second, primary groups are fundamental because they provide the settings in which we meet most of our personal needs. Within them, we experience companionship, love, security, and an Proofread By Miffy and Alex Page: 397 / 493 overall sense of well-being. Not surprisingly, sociologists find that the strength of a group's primary ties has implications for the group's functioning. For example, the stronger the primary group ties of a sports team playing together, the better their record is. 
Third, primary groups are fundamental because they serve as powerful instruments for social control. Their members command and dispense many 
of the rewards that are so vital to us and that make our lives seem worthwhile. Should the use of rewards fail, members can frequently win by rejecting or threatening to ostracize those who deviate from the primary group's norms. For instance, some social groups employ shunning (a person can remain in the community, but others are forbidden to interact with the person) as a device to bring into line individuals whose behavior goes beyond that allowed by the particular group. Even more important, primary groups define social reality for us by structuring our experiences. By providing us with definitions of situations, they elicit from our behavior that conforms to group-devised meanings. Primary groups, then, serve both as carriers of social norms and as enforcers of them. 
52 BIOLOGICAL CLOCKS (TPO13) 

Survival and successful reproduction usually require the activities of animals to be coordinated with predictable events around them. Consequently, the timing and rhythms of biological functions must closely match periodic events like the solar day, the tides, the lunar cycle, and the seasons. The relations between animal activity and these periods, particularly for the daily rhythms, have been of such interest and importance that a huge amount of work has been done on them and the special research field of chronobiology has emerged. Normally, the constantly changing levels of an animal's activity—sleeping, feeding, moving, reproducing, metabolizing, and producing enzymes and hormones, for example—are well coordinated with environmental rhythms, but the key question is whether the animal's schedule is driven by external cues, such as sunrise or sunset, or is instead dependent somehow on internal timers that themselves generate the observed biological rhythms. Almost universally, biologists accept the idea that all eukaryotes (a category that includes most organisms except bacteria and certain algae) have internal clocks. By isolating organisms completely from external periodic cues, biologists learned that organisms have internal clocks. For instance, apparently normal daily periods of biological activity were maintained for about a week by the fungus Neurospora when it was intentionally isolated from all geophysical timing cues while orbiting in a space shuttle. The continuation of biological rhythms in an organism without external cues attests to its having an internal clock. When crayfish are kept continuously in the dark, even for four to five months, their compound eyes continue to adjust on a daily schedule for daytime and nighttime vision. Horseshoe crabs kept in the dark continuously for a year were found to maintain 
a persistent rhythm of brain activity that similarly adapts their eyes on a daily schedule for bright or for weak light. Like almost all daily cycles of animals deprived of environmental cues, those measured for the horseshoe crabs in these conditions were not exactly 24 hours. Such a rhythm whose period is approximately—but not exactly—a day is called circadian. For different individual horseshoe crabs, the circadian period ranged from 22.2 to 25.5 hours. A particular animal typically maintains its own characteristic cycle duration with great precision for many days. Indeed, stability of the biological clock's period is one of its major features, even when the organism's environment is subjected to considerable changes in factors, such as temperature, that would be expected to affect biological activity strongly. Further evidence for persistent internal rhythms appears when the usual external cycles are shifted—either experimentally or by rapid east-west travel over great distances. Typically, the animal's daily internally generated cycle of activity continues without change. As a result, its activities are shifted relative to the external cycle of the new environment. The disorienting effects of this mismatch between external time cues and internal schedules may persist, like our jet lag, for several days or weeks until certain cues such as the daylight/darkness cycle reset the organism's clock to synchronize with the daily rhythm of the new environment. 
Animals need natural periodic signals like sunrise to maintain a cycle whose period is precisely 24 hours. Such an external cue not only coordinates an animal's daily rhythms with particular features of the local solar day but also—because it normally does so day after day-seems to keep the internal clock's period close to that of Earth's rotation. Yet despite this synchronization of the period of the internal cycle, the animal's timer itself continues to have its own genetically built-in period close to, but different from, 24 hours. Without the external cue, the Proofread By Miffy and Alex Page: 403 / 493 difference accumulates and so the internally regulated activities of the biological day drift continuously, like the tides, in relation to the solar day. This drift has been studied extensively in many animals and in biological activities ranging from the hatching of fruit fly eggs to wheel running by squirrels. Light has a predominating influence in setting the clock. Even a fifteen-minute burst of light in otherwise sustained darkness can reset an animal's circadian rhythm. Normally, internal rhythms are kept in step by regular environmental cycles. For instance, if a homing pigeon is to navigate with its Sun compass, its clock must be properly set by cues provided by the daylight/darkness cycle. 
53 METHODS OF STUDYING INFANT PERCEPTION (TPO13) 

In the study of perceptual abilities of infants, a number of techniques are used to determine infants' responses to various stimuli. Because they cannot verbalize or fill out questionnaires, indirect techniques of naturalistic observation are used as the primary means of determining what infants can see, hear, feel, and so forth. Each of these methods compares an infant's state prior to the introduction of a stimulus with its state during or immediately following the stimulus. The difference between the two measures provides the researcher with an indication of the level and duration of the response to the stimulus. For example, if a[uniformly] moving pattern of some sort is passed across the visual field of a neonate (new born), [repetitive following movements of the eye] occur. The occurrence of these eye movements provides evidence that the moving pattern is perceived at some level by the newborn. Similarly, changes in the infant's general level of motor activity —turning the head, blinking the eyes, crying, and so forth — have been used by researchers as visual indicators of the infant's perceptual abilities. 
Such techniques, however, have limitations. First, the observation may be unreliable in that two or more observers may not agree that the particular response occurred, or to what degree it occurred. Second, responses are difficult to quantify. Often the rapid and diffuse movements of the infant make it difficult to get an accurate record of the number of responses. The third, and most [potent], limitation is that it is not possible to be certain that the infant's response was due to the stimulus presented or to a change from no stimulus to a stimulus. The infant may be responding to aspects of the stimulus different than those identified by the investigator. [Therefore, when observational assessment is used as a technique for studying infant perceptual abilities, care must be taken not to overgeneralize from the data or to rely on one or two studies as conclusive evidence of a particular perceptual ability of the infant.] Observational assessment techniques have become much more sophisticated, reducing the limitations just presented. Film analysis of the infant's responses, heart and respiration rate monitors, and nonnutntive sucking devices are used as effective tools in understanding infant perception. Film analysis permits researchers to carefully study the infant's responses over and over and in slow motion. Precise measurements can be made of the length and frequency of the infant's attention between two stimuli. Heart and respiration monitors provide the investigator with the number of heartbeats or breaths taken when a new stimulus is presented. Numerical increases are used as [quantifiable] indicators of heightened interest in the new stimulus. Increases in nonnutntive sucking were first used as an assessment measure by researchers in 1969. They devised an apparatus that connected a baby's pacifier to a counting device. As stimuli were presented, changes in the infant's sucking behavior were recorded. Increases in the number of sucks 
were used as an indicator of the infant's attention to or preference for a given visual display. 
Two additional techniques of studying infant perception have come into vogue. The first is the habituation-dishabituation technique, in which a single stimulus is presented repeatedly to the infant until there is a measurable decline (habituation) in whatever attending behavior is being observed. At that point a new stimulus is presented, and any recovery (dishabituation) in responsiveness is recorded. If the infant fails to dishabituate and continues to show habituation with the new stimulus, it is assumed that the baby is unable to perceive the new stimulus as Proofread By Miffy and Alex Page: 410 / 493 
different. The habituation-dishabituation paradigm has been used most extensively with studies of auditory and olfactory perception in infants. The second technique relies on evoked potentials, which are electrical brain responses that may be related to a particular stimulus because of where they originate. Changes in the electrical pattern of the brain indicate that the stimulus is getting through to the infant's central nervous system and eliciting some form of response. Each of the preceding techniques provides the researcher with evidence that the infant can detect or discriminate between stimuli. With these sophisticated observational assessment and electro physiological measures, we know that the neonate of only a few days is far more perceptive than previously suspected. However, these measures are only "indirect" indicators of the infant's perceptual abilities. 
54 CHILDREN AND ADVERTISING (TPO14) 
Young children are trusting of commercial advertisements in the media, and advertisers have sometimes been accused of taking advantage of this trusting outlook. The Independent Television Commission, regulator of television advertising in the United Kingdom, has criticized advertisers for "misleadingness'—creating a wrong impression either intentionally or unintentionally—in an effort to control advertisers' use of techniques that make it difficult for children to judge the true size, action, performance, or construction of a toy. 
General concern about misleading tactics that advertisers employ is centered on the use of exaggeration. Consumer protection groups and parents believe that children are largely ill-equipped to recognize such techniques and that often exaggeration is used at the expense of product information. Claims such as "the 
best' or “better than" can be subjective and misleading; even adults may be unsure as to their meaning. They represent the advertiser's opinions about the qualities of their products or brand and, as a consequence, are difficult to verify. Advertisers sometimes offset or counterbalance an exaggerated claim with a disclaimer—a qualification or condition on the claim. For example, the claim that breakfast cereal has a health benefit may be accompanied by the disclaimer "when part of a nutritionally balanced breakfast.' However, research has shown that children often have difficulty understanding disclaimers: children may interpret the phrase 'when part of a nutritionally balanced breakfast" to mean that the cereal is required as a necessary part of a balanced breakfast. The author George Comstock suggested that less than a quarter of children between the ages of six and eight years old understood standard disclaimers used in many toy advertisements and that disclaimers are more readily comprehended when presented in both audio and visual formats. Nevertheless, disclaimers are mainly presented in audio format only. 
Fantasy is one of the more common techniques in advertising that could possibly mislead a young audience. Child-oriented advertisements are more likely to include magic and fantasy than advertisements aimed at adults. In a content analysis of Canadian television, the author Stephen Kline observed that nearly all commercials for character toys featured fantasy play. Children have strong imaginations and the use of fantasy brings their ideas to life, but children may not be adept enough to realize that what they are viewing is unreal. Fantasy situations and settings are frequently used to attract children's attention, particularly in food advertising. Advertisements for breakfast cereals have, for many years, been found to be especially fond of fantasy techniques, with almost nine out of ten including such content. Generally, there is uncertainty as to whether very young children can distinguish between fantasy and reality in advertising. Certainly, rational appeals in advertising aimed at children are limited, as most advertisements use emotional and indirect appeals to psychological states or associations. 
The use of celebrities such as singers and movie stars is common in advertising. The intention is for the positively perceived attributes of the celebrity to be transferred to the advertised product and for the two to become automatically linked in the audience's mind. In children's advertising, the celebrities are often animated figures from popular cartoons In the recent past, the role of celebrities in advertising to children has often been conflated with the concept of host selling. Host selling involves blending advertisements with regular programming in a way that makes it difficult to distinguish one from the other. Host selling occurs, for example, when a children's show about a 
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cartoon lion contains an ad in which the same lion promotes a breakfast cereal. The psychologist Dale Kunkel showed that the practice of host selling reduced children's ability to distinguish between advertising and program material. It was also found that older children responded more positively to products in host selling advertisements. 
Regarding the appearance of celebrities in advertisements that do not involve host selling, the evidence is mixed. Researcher Charles Atkin found that children believe that the characters used to advertise breakfast cereals are knowledgeable about cereals, and children accept such characters as credible sources of nutritional information. This finding was even more marked for heavy viewers of television. In addition, children feel validated in their choice of a product when a celebrity endorses that product. A study of children in Hong Kong, however, found that the presence of celebrities in advertisements could negatively affect the children’s perceptions of a product if the children did not like the celebrity in question. 
55 MAYA WATER PROBLEMS (TPO14) 
To understand the ancient Mayan people who lived in the area that is today southern Mexico and Central America and the ecological difficulties they faced, one must first consider their environment, which we think of as “jungle" or 'tropical rainforest." This view is inaccurate, and the reason proves to be important. Properly speaking, tropical rainforests grow in high-rainfall equatorial areas that remain wet or humid all year round. But the Maya homeland lies more than sixteen hundred kilometers from the equator, at latitudes 17 to 22 degrees north, in a habitat termed a “seasonal tropical forest." That is, while there does tend to be a rainy season from May to October, there is also a dry season from January through April. If one focuses on the wet months, one calls the Maya homeland a "seasonal tropical forest"; if one focuses on the dry months, one could instead describe it as a "seasonal desert.” 
From north to south in the Yucatan Peninsula, where the Maya lived, rainfall ranges from 18 to 100 inches (457 to 2,540 millimeters) per year, and the soils become thicker, so that the southern peninsula was agriculturally more productive and supported denser populations. But rainfall in the Maya homeland is unpredictably variable between years; some recent years have had three or four times more rain than other years. As a result, modern farmers attempting to grow corn in the ancient Maya homelands have faced frequent crop failures, especially in the north. The ancient Maya were presumably more experienced 
and did better, but nevertheless they too must have faced risks of crop failures from droughts and hurricanes. 
Although southem Maya areas received more rainfall than northern areas, problems of water were paradoxically more severe in the wet south. While that made things hard for ancient Maya living in the south, it has also made things hard for modem archaeologists who have difficulty understanding why ancient droughts caused bigger problems in the wet south than in the dry north. The likely explanation is that an area of underground freshwater underlies the Yucatan Peninsula, but surface elevation increases from north to south, so that as one moves south the land surface lies increasingly higher above the water table. In the northern peninsula the elevation is sufficiently low that the ancient Maya were able to reach the water table at deep sinkholes called cenotes, or at deep caves. In low-elevation north coastal areas without sinkholes, the Maya would have been able to get down to the water table by digging wells up to 75 feet (22 meters) deep. But much of the south lies too high above the water table for cenotes or wells to reach down to it. 
Making matters worse, most of the Yucatan Peninsula consists of karst, a porous sponge-like limestone terrain where rain runs straight into the ground and where little or no surface water remains available. 
How did those dense southern Maya populations deal with the resulting water problem? It initially surprises us that many of their cities were not built next to the rivers but instead on high terrain in rolling uplands. The explanation is that the Maya excavated depressions, or modified natural depressions, and then plugged up leaks in the karst by plastering the bottoms of the depressions in order to create reservoirs, which collected rain from large plastered catchment basins and stored it for use in the dry season.For example, reservoirs at the Maya city of Tikal held enough water to meet the drinking water needs of about 10,000 people for a period of 18 months. At the city of Coba the Maya built dikes around a lake in order to raise its level and make their water supply more reliable. But the inhabitants of Tikal and other cities dependent on reservoirs Proofread By Miffy and Alex Page: 424 / 493 for drinking water would still have been in deep trouble if 18 months passed without rain in a prolonged drought. A shorter drought in which they exhausted their stored food supplies might already have gotten them in deep trouble, because growing crops required rain rather than reservoirs. 
56 PASTORALISM IN ANCIENT INNER EURASIA (TPO 14) 
Pastoralism is a lifestyle in which economic activity is based primarily on livestock. 
Archaeological evidence suggests that by 3000 B.C., and perhaps even earlier, there had emerged on the steppes of Inner Eurasia the distinctive types of pastoralism that were to dominate the region's history for several millennia. Here, the horse was already becoming the animal of prestige in many regions, though sheep, goats, and cattle could also play a vital role. It is the use of horses for transportation and warfare that explains why Inner Eurasian pastoralism proved the most mobile and the most militaristic of all major forms of pastoralism. The emergence and spread of pastoralism had a profound impact on the history of Inner Eurasia, and also, indirectly, on the parts of Asia and Europe just outside this area. In particular, pastoralism favors a mobile lifestyle, and this mobility helps to explain the impact of pastoralist societies on this part of the world. The mobility of pastoralist societies reflects their dependence on animal-based foods. While agriculturalists rely on domesticated plants, pastoralists rely on domesticated animals. As a result, pastoraksts, like carnivores in general, occupy a higher position on the food chain. All else being equal, this means they must exploit larger areas of land than do agriculturalists to secure the same amount of food, clothing, and other necessities. So pastoralism is a more extensive lifeway than farming is. However, the larger the terrain used to support a group, the harder it is to exploit that terrain while remaining in one place. So, basic ecological principles imply a strong tendency within pastoralist lifeways toward nomadism (a mobile lifestyle). As the archaeologist Roger Cribb puts it, 'The greater the degree of pastoralism, the stronger the tendency toward nomadism.' A modern Turkic nomad interviewed by Cribb commented: "The more animals you have, the farther you have to move. 
Nomadism has further consequences. It means that pastoralist societies occupy and can influence very large territories. This is particularly true of the horse pastoralism that emerged in the Inner Eurasian steppes, for this was the most mobile of all major forms of pastoralism So, it is no accident that with the appearance of pastoralist societies there appear large areas that share similar cultural, ecological, and even linguistic features. By the late fourth millennium B.C., there is already evidence of large culture zones reaching from eastern Europe to the western borders of Mongolia. Perhaps the most striking sign of mobility is the fact that by the third millennium B.C., most pastoralists in this huge region spoke related languages ancestral to the modem 
Indo-European languages. The remarkable mobility and range of pastoral societies explain, in part, why so many linguists have argued that the Indo-European languages began their astonishing expansionist career not among farmers in 
Anatolia (present-day Turkey), but among early pastoralists from Inner Eurasia. Such theories imply that the Indo-European languages evolved not in Neolithic (10,000 to 3,000 B.C.) Anatolia, but among the foraging communities of the cultures in the region of the Don and Dnieper rivers, which took up stock breeding and began to exploit the neighboring steppes. 
Nomadism also subjects pastoralist communities to strict rules of portability. If you are constantly on the move, you cannot afford to accumulate large material surpluses. Such rules limit variations in accumulated material goods between pastoralist households (though they may also encourage a taste for portable goods of high value such as silks or jewelry). So, by and large, nomadism implies a high degree of self-sufficiency and inhibits the appearance of an extensive Proofread By Miffy and Alex Page: 430 / 493 division of labor. Inequalities of wealth and rank certainly exist, and have probably existed in most pastoralist societies, but except in periods of military conquest, they are normally too slight to generate the stable, hereditary hierarchies that are usually implied by the use of the term class. Inequalities of gender have also existed in pastoralist societies, but they seem to have been softened by the absence of steep hierarchies of wealth in most communities, and also by the requirement that women acquire most of the skills of men, including, often, their military skills. 
57 A WARM-BLOODED TURTLE (TPO15) 
When it comes to physiology, the leatherback turtle is, in some ways, more like a reptilian whale than a turtle. It swims farther into the cold of the northern and southern oceans than any other sea turtle, and it deals with the chilly waters in a way unique among reptiles. A warm-blooded turtle may seem to be a contradiction in terms. Nonetheless, an adult leatherback can maintain a body temperature of between 25 and 26°C (77 - 79°F) in sea water that is only 8°C (46.4°F). Accomplishing this feat requires adaptations both to generate heat in the turtle's body and to keep it from escaping into the surrounding waters. 
Leatherbacks apparently do not generate internal heat the way we do, or the way birds do, as a by-product of cellular metabolism. A leatherback may be able to pick up some body heat by basking at the surface; its dark, almost black body color may help it to absorb solar radiation. 
However, most of its internal heat comes from the action of its muscles. 
Leatherbacks keep their body heat in three different ways. The first, and simplest, is size. The bigger the animal is, the lower as surface-to-volume ratio; for every ounce of body mass, there is proportionately less surface through which heat can escape. An adult leatherback is twice the size of the biggest cheloniid sea turtles and will therefore take longer to cool off. Maintaining a high body temperature through sheer bulk is called gigantothermy. It works for elephants, for whales, and, perhaps, it worked for many of the larger dinosaurs. It apparently works, in a smaller way, for some other sea turtles. Large loggerhead and green turtles can maintain their body temperature at a degree or two above that of the surrounding water, and gigantothermy is probably the way they do. Muscular activity helps, too, and an actively swimming green turtle may be T C (12.6° F) warmer than the waters it swims through. Gigantothermy, though, would not be enough to keep a leatherback warm in cold northern waters. It is not enough for whales, which supplement it with a thick layer of insulating blubber (fat). 
Leatherbacks do not have blubber, but they do have a reptilian equivalent: thick, oil-saturated skin, with a layer of fibrous, fatty tissue just beneath. Insulation protects the leatherback everywhere but on its head and flippers. Because the flippers are comparatively thin and blade like, they are the one part of the leatherback that is likely to become chilled. There is not much that the turtle can do about this without compromising the aerodynamic shape of the flipper. The problem is that as blood flows through the turtle's flippers, it risks losing enough heat to lower the animal's central body temperature when it returns. The solution is to allow the flippers to cool down without drawing heat away from the rest of the turtle's body. The leatherback accomplishes this by arranging the blood vessels in the base of as flipper into a countercurrent exchange system. 
In a countercurrent exchange system , the blood vessels carrying cooled blood from the flippers run close enough to the blood vessels carrying warm blood from the body to pick up some heat from the warmer blood vessels; thus, the heat is transferred from the outgoing to the ingoing vessels before it reaches the flipper itself. This is the same arrangement found in an old-fashioned steam radiator, in which the coiled pipes pass heat back and forth as water courses through them. The leatherback is certainly not the only animal with such an Proofread By Miffy and Alex Page: 436 / 493 arrangement; gulls have a countercurrent exchange in their legs. That is why a gull can stand on an ice floe without freezing. 
All this applies, of course, only to an adult leatherback. Hatchlings are simply too small to conserve body heat, even with insulation and countercurrent exchange systems. We do not know how old, or how large, a leatherback has to be before it can switch from a cold-blooded to a warm-blooded mode of life. Leatherbacks reach their immense size in a much shorter time than it takes other sea turtles to grow. Perhaps their rush to adulthood is driven by a simple need to keep warm. 
58 MASS EXTINCTIONS (TPO15) 
Cases in which many species become extinct within a geologically short interval of time are called mass extinctions. There was one such event at the end of the Cretaceous period (around 70 million years ago). There was another, even larger, mass extinction at the end of the Permian period (around 250 million years ago). The Permian event has attracted much less attention than other mass extinctions because mostly unfamiliar species perished at that time. The fossil record shows at least five mass extinctions in which many families of marine organisms died out. The rates of extinction happening today are as great as the rates during these mass extinctions. Many scientists have therefore concluded that a sixth great mass extinction is currently in progress. 
What could cause such high rates of extinction? There are several hypotheses, including warming or cooling of Earth, changes in seasonal fluctuations or ocean currents, and changing positions of the continents. Biological hypotheses include ecological changes brought about by the evolution of cooperation between insects and flowering plants or of bottom-feeding predators in the oceans. Some of the proposed mechanisms required a very brief period during which all extinctions suddenly took place; other mechanisms would be more likely to have taken place more gradually, over an extended period, or at different times on different continents. Some hypotheses fad to account for simultaneous extinctions on land and in the seas. Each mass extinction may have had a different cause. Evidence points to hunting by humans and habitat destruction as the likely causes for the current mass extinction. 
American paleontologists David Raup and John Sepkoski, who have studied extinction rates in a number of fossil groups, suggest that episodes of increased extinction have recurred periodically, approximately every 26 million years since the mid-Cretaceous period. The late Cretaceous extinction of the dinosaurs and ammonoids was just one of the more drastic in a whole series of such recurrent 
extinction episodes. The possibility that mass extinctions may recur periodically has given rise to such hypotheses as that of a companion star with a long-period orbit deflecting other bodies from their normal orbits, making some of them fall to Earth as meteors and causing widespread devastation upon impact. 
Of the various hypotheses attempting to account for the late Cretaceous extinctions, the one that has attracted the most attention in recent years is the asteroid-impact hypothesis first suggested by Luis and Walter Alvarez. According to this hypothesis, Earth collided with an asteroid with an estimated diameter of 10 kilometers, or with several asteroids, the combined mass of which was comparable. The force of collision spewed large amounts of debris into the atmosphere, darkening the skies for several years before the finer particles settled. The reduced level of photosynthesis led to a massive decline in plant life of all kinds, and this caused massive starvation first of herbivores and subsequently of carnivores. The mass extinction would have occurred very suddenly under this hypothesis. 
One interesting test of the Alvarez hypothesis is based on the presence of the rare-earth element iridium (Ir). Earth’s crust contains very little of this element, but most asteroids contain a lot more. Debris thrown into the atmosphere by an asteroid collision would presumably contain Proofread By Miffy and Alex Page: 443 / 493 large amounts of iridium, and atmospheric currents would carry this material all over the globe. A search of sedimentary deposits that span the boundary between the Cretaceous and Tertiary periods shows that there is a dramatic increase in the abundance of iridium briefly and precisely at this boundary. This iridium anomaly offers strong support for the Alvarez hypothesis even though no asteroid itself has ever been recovered. 
An asteroid of this size would be expected to leave an immense crater, even if the asteroid itself was disintegrated by the impact. The intense heat of the impact would produce heat-shocked quartz in many types of rock. Also, large blocks thrown aside by the impact would form secondary craters surrounding the main crater. To date, several such secondary craters have been found along Mexico's Yucatan Peninsula, and heat-shocked quartz has been found both in Mexico and in Haiti. A location called Chicxulub, along the Yucatan coast, has been suggested as the primary impact site. 
59 GLACIER FORMATION (TPO15) 
Glaciers are slowly moving masses of ice that have accumulated on land in areas where more snowfalls during a year than melts. Snow falls as hexagonal crystals, but once on the ground, snow is soon transformed into a compacted mass of smaller, rounded grains. As the air space around them is lessened by compaction and melting, the grains become denser. With further melting, refreezing, and increased weight from newer snowfall above, the snow reaches a granular recrystallized stage intermediate between flakes and ice known as firn. With additional time, pressure, and refrozen melt-water from above, the small firn granules become larger, interlocked crystals of blue glacial ice. When the ice is thick enough, usually over 30 meters, the weight of the snow and firn will cause the ice crystals toward the bottom to become plastic and to flow outward or downward from the area of snow accumulation. 
Glaciers are open systems, with snow as the system's input and melt-water as the system' s main output. The glacial system is governed by two basic climatic variables: precipitation and temperature. For a glacier to grow or maintain its mass, there must be sufficient snowfall to match or exceed the annual loss through melting, evaporation, and calving, which occurs when the glacier loses solid chunks as icebergs to the sea or to large lakes. If summer temperatures are high for too long, then all the snowfall from the previous winter will melt. Surplus snowfall is essential for a glacier to develop. A surplus allows snow to accumulate and for the pressure of snow accumulated over the years to transform buried snow into glacial ice with a depth great enough for the ice to flow. Glaciers are sometimes classified by temperature as faster-flowing temperate glaciers or as slower-flowing polar glaciers. 
Glaciers are part of Earth's hydrologic cycle and are second only to the oceans in the total amount of water contained. About 2 percent of Earth's water is currently frozen as ice. Two percent may be a deceiving figure, however, since over 80 percent of the world's freshwater is locked up as ice in glaciers, with the majority of it in Antarctica. The total amount of ice is even more awesome if we estimate the water released upon the hypothetical melting of the world's glaciers. Sea level would rise about 60 meters. This would change the geography of the planet considerably. In contrast, should another ice age occur, sea level would drop drastically. During the last ice age, sea level dropped about 120 meters. 
When snowfalls on high mountains or in polar regions, it may become part of the glacial system. Unlike rain, which returns rapidly to the sea or atmosphere, the snow that becomes part of a glacier is involved in a much more slowly cycling system. Here water may be stored in ice form for hundreds or even hundreds of thousands of years before being released again into the liquid water system as 
meltwater. In the meantime, however, this ice is not static. Glaciers move slowly across the land with tremendous energy, carving into even the hardest rock formations and thereby reshaping the landscape as they engulf, push, drag, and finally deposit rock debris in places far from its original location. As a result, glaciers create a great variety of landforms that remain long after the surface is released from its icy covering. 
Throughout most of Earth's history, glaciers did not exist, but at the present time about 10 percent of Earth's land surface is covered by glaciers. Present-day glaciers are found in Antarctica, in Greenland, and at high elevations on all the continents except Australia. In the recent past, from Proofread By Miffy and Alex Page: 450 / 493 about 2.4 million to about 10,000 years ago, nearly a third of Earth's land area was periodically covered by ice thousands of meters thick. In the much more distant past, other ice ages have occurred. 
60 TRADE AND THE ANCIENT MIDDLE EAST (TPO16) 
Trade was the mainstay of the urban economy in the Middle East, as caravans negotiated the surrounding desert, restricted only by access to water and by mountain ranges. This has been so since ancient times, partly due to the geology of the area, which is mostly limestone and sandstone, with few deposits of metallic ore and other useful materials. Ancient demands for obsidian (a black volcanic rock useful for making mirrors and tools) led to trade with Armenia to the north, while jade for cutting tools was brought from Turkistan, and the precious stone lapis lazuli was imported from Afghanistan. One can trace such expeditions back to ancient Sumeria, the earliest known Middle Eastern civilization. Records show merchant caravans and trading posts set up by the Sumerians in the surrounding mountains and deserts of Persia and Arabia, where they traded grain for raw materials, such as timber and stones, as well as for metals and gems. 
Reliance on trade had several important consequences. Production was generally in the hands of skilled individual artisans doing piecework under the tutelage of a master who was also the shop owner. In these shops differences of rank were blurred as artisans and masters labored side by side in the same modest establishment, were usually members of the same guild and religious sect, lived in the same neighborhoods, and often had assumed (or real) kinship relationships. The worker was bound to the master by a mutual contract that either one could repudiate, and the relationship was conceptualized as one of partnership. 
This mode of craft production favored the growth of self-governing and ideologically egalitarian craft guilds everywhere in the Middle Eastern city. These were essentially professional associations that provided for the mutual aid and protection of their members, and allowed for the maintenance of professional standards. The growth of independent guilds was furthered by the fact that surplus was not a result of domestic craft production but resulted primarily from international trading; the government left working people to govern themselves, much as shepherds of tribal confederacies were left alone by their leaders. In the multiplicity of small-scale local egalitarian or quasi-egalitarian organizations for fellowship, worship, and production that flourished in this laissez-faire environment, individuals could interact with one another within a community of harmony and ideological equality, following their own popularly elected leaders and governing themselves by shared consensus while minimizing distinctions of wealth and power. The mercantile economy was also characterized by a peculiar moral stance that is typical of people who live by trade—an attitude that is individualistic, calculating, risk taking, and adaptive to circumstances. As among tribespeople, personal relationships and a careful weighing of character have always been crucial in a mercantile economy with little regulation, where one's word is one's bond and where informal ties of trust cement together an international trade network. Nor have merchants and artisans ever had much tolerance for aristocratic professions of moral superiority, favoring instead an egalitarian ethic of the open market, where steady hard work, the loyalty of one's fellows, and entrepreneurial skill make all the difference. And, like the pastoralists, Middle Eastern merchants and artisans unhappy with their environment could simply pack up and leave for greener pastures—an act of self-assertion wholly impossible in most other civilizations throughout history. 
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Dependence on long-distance trade also meant that the great empires of the Middle East were built both literally and figuratively on shifting sand. The central state, though often very rich and very populous, was intrinsically fragile, since the development of new international trade routes could undermine the monetary base and erode state power, as occurred when European seafarers circumvented Middle Eastern merchants after Vasco da Gama's voyage around Africa in the late fifteenth-century opened up a southern route. The ecology of the region also permitted armed predators to prowl the surrounding barrens, which were almost impossible for a state to control. Peripheral peoples therefore had a great advantage in their dealings with the center, making government authority insecure and anxious. 
61 DEVELOPMENT OF THE PERIODIC TABLE (TPO16) 
The periodic table is a chart that reflects the periodic recurrence of chemical and physical properties of the elements when the elements are arranged in order of increasing atomic number (the number of protons in the nucleus). It is a monumental scientific achievement, and its development illustrates the essential interplay between observation, prediction, and testing required for scientific progress. In the 1800's scientists were searching for new elements. By the late 1860's more than 60 chemical elements had been identified, and much was known about their descriptive chemistry. Various proposals were put forth to arrange the elements into groups based on similarities in chemical and physical properties. The next step was to recognize a connection between group properties (physical or chemical similarities) and atomic mass (the measured mass of an individual atom of an element). When the elements known at the time were ordered by increasing atomic mass, it was found that successive elements belonged to different chemical groups and that the order of the groups in this sequence was fixed and repeated itself at regular intervals. Thus when the series of elements was written so as to begin a new horizontal row with each alkali metal, elements of the same groups were automatically assembled in vertical columns in a periodic table of the elements. This table was the forerunner of the modern table. When the German chemist Lothar Meyer and (independently) the Russian Dmitry Mendeleyev first introduced the periodic table in 1869-70, one-third of the naturally occurring chemical elements had not yet been discovered. Yet both chemists were sufficiently farsighted to leave gaps where their analyses of periodic physical and chemical properties indicated that new elements should be located. Mendeleyev was bolder than Meyer and even assumed that if a measured atomic mass put an element in the wrong place in the table, the atomic mass was wrong. In some cases this was true. Indium, for example, had previously been assigned an atomic mass between those of arsenic and selenium. Because there is no space in the periodic table between these two elements, Mendeleyev suggested that the atomic mass of indium be changed to a completely different value, where it would fill an empty space between cadmium and tin. In fact, subsequent work has shown that in a periodic table, elements should not be ordered strictly by atomic mass. For example, tellurium comes before iodine in the periodic table, even though its atomic mass is slightly greater. Such anomalies are due to the relative abundance of the "isotopes" or varieties of each element. All the isotopes of a given element have the same number of protons, but differ in 
their number of neutrons, and hence in their atomic mass. The isotopes of a given element have 
the same chemical properties but slightly different physical properties. We now know that atomic number (the number of protons in the nucleus), not atomic mass number (the number of protons and neutrons), determines chemical behavior. 
Mendeleyev went further than Meyer in another respect: he predicted the properties of six elements yet to be discovered. For example, a gap just below aluminum suggested a new element would be found with properties analogous to those of aluminum. Mendeleyev designated this element "eka-aluminum" (eka is the Sanskrit word for "next") and predicted its properties. Just five years later an element with the proper atomic mass was isolated and named gallium by its discoverer. The close correspondence between the observed properties of gallium and Mendeleye’s predictions for eka-aluminum lent strong support to the periodic law. Additional support came in 1885 when eka-silicon, which had also been described in advance by Mendeleyev, was discovered and named germanium. 
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The structure of the periodic table appeared to limit the number of possible elements. It was therefore quite surprising when John William Strutt, Lord Rayleigh, discovered a gaseous element in 1894 that did not fit into the previous classification scheme. A century earlier, Henry Cavendish had noted the existence of a residual gas when oxygen and nitrogen are removed from air, but its importance had not been realized. Together with William Ramsay, Rayleigh isolated the gas (separating it from other substances into its pure state) and named it argon. Ramsay then studied a gas that was present in natural gas deposits and discovered that it was helium, an element whose presence in the Sun had been noted earlier in the spectrum of sunlight but that had not previously been known on Earth. Rayleigh and Ramsay postulated the existence of a new group of elements, and in 1898 other members of the series (neon, krypton, and xenon) were isolated. 
62 PLANETS IN OUR SOLAR SYSTEM (TPO16) 
The Sun is the hub of a huge rotating system consisting of nine planets, their satellites, and numerous small bodies, including asteroids, comets, and meteoroids. An estimated 99.85 percent of the mass of our solar system is 
contained within the Sun, while the planets collectively make up most of the remaining 0.15 percent. The planets, in order of their distance from the Sun, are Mercury, Venus, Earth, Mars, Jupiter, Saturn, Uranus, Neptune, and Pluto. Under the control of the Sun's gravitational force, each planet maintains an elliptical orbit and all of them travel in the same direction. 
The planets in our solar system fall into two groups: the terrestrial (Earth-like) planets (Mercury, Venus, Earth, and Mars) and the Jovian (Jupiter-like) planets (Jupiter, Saturn, Uranus, and Neptune). Pluto is not included in either category, because its great distance from Earth and its small size make this planet's true nature a mystery. 
The most obvious difference between the terrestrial and the Jovian planets is their size. The largest terrestrial planet, Earth has a diameter only one quarter as great as the diameter of the smallest Jovian planet, Neptune, and its mass is only one seventeenth as great. Hence, the Jovian planets are often called giants. Also, because of their relative locations, the four Jovian planets are known as the outer planets, while the terrestrial planets are known as the inner planets. There appears to be a correlation between the positions of these planets and their sizes. 
Other dimensions along which the two groups differ markedly are density and composition. 
The densities of the terrestrial planets average about 5 times the density of water, whereas the Jovian planets have densities that average only 1.5 times the density of water. One of the outer planets, Saturn, has a density of only 0.7 that of water, which means that Saturn would float in water. Variations in the composition of the planets are largely responsible for the density differences. The substances that make up both groups of planets are divided into three groups—gases, rocks, and ices—based on their melting points. The terrestrial planets are mostly rocks: dense rocky and metallic material, with minor amounts of gases. The Jovian planets, on the other hand, contain a large percentage of the gases hydrogen and helium, with varying amounts of ices: mostly water, ammonia, and methane ices. 
The Jovian planets have very thick atmospheres consisting of varying amounts of hydrogen, helium, methane, and ammonia. By comparison, the terrestrial planets have meager atmospheres at best. A planet's ability to retain an atmosphere depends on its temperature and mass. Simply stated, a gas molecule can "evaporate" from a planet if it reaches a speed known as the escape velocity. For Earth, this velocity is 11 kilometers per second. Any material, including a rocket, must reach this speed before it can leave Earth and go into space. The Jovian planets, because of their greater masses and thus higher surface gravities, have 
higher escape velocities (21-60 kilometers per second) than the terrestrial planets. Consequently, it is more difficult for gases to "evaporate" from them. Also, because the molecular motion of a gas depends on temperature, at the low temperatures of the Jovian planets even the lightest gases are unlikely to acquire the speed needed to escape. On the other hand, a comparatively warm body with a small surface gravity, like Earth's moon, is unable to hold even the heaviest gas and thus lacks an atmosphere. The slightly larger Proofread By Miffy and Alex Page: 470 / 493 terrestrial planets Earth, Venus, and Mars retain some heavy gases like carbon dioxide, but even their atmospheres make up only an infinitesimally small portion of their total mass. 
The orderly nature of our solar system leads most astronomers to conclude that the planets formed at essentially the same time and from the same material as the Sun. It is hypothesized that the primordial cloud of dust and gas from which all the planets are thought to have condensed had a composition somewhat similar to that of Jupiter. However, unlike Jupiter, the terrestrial planets today are nearly void of light gases and ices. The explanation may be that the terrestrial planets were once much larger and richer in these materials but eventually lost them because of these bodies' relative closeness to the Sun, which meant that their temperatures were relatively high. 
63 EUROPE'S EARLY SEA TRADE WITH ASIA (TPO17) 

In the fourteenth century, a number of political developments cut Europe's overland trade routes to southern and eastern Asia, with which Europe had had important and highly profitable commercial ties since the twelfth century. This development, coming as it did when the bottom had fallen out of the European economy, provided an impetus to a long-held desire to secure direct relations with the East by establishing a sea trade. Widely reported, if somewhat distrusted, accounts by figures like the famous traveler from Venice. Marco Polo, of the willingness of people in China to trade with Europeans and of the immensity of the wealth to be gained by such contact made the idea irresistible Possibilities for trade seemed promising, but no hope existed for maintaining the traditional routes over land A new way had to be found. 
The chief problem was technological: How were the Europeans to reach the East? Europe's maritime tradition had developed in the context of easily navigable seas—the Mediterranean, the Baltic, and to a lesser extent, the North Sea between England and the Continent—not of vast oceans. New types of ships were 
needed, new methods of finding one's way, new techniques for financing so vast a scheme. The sheer scale of the investment it took to begin commercial expansion at sea reflects the immensity of the profits that such East-West trade could create. Spices were the most sought-after commodities. Spices not only dramatically improved the taste of the European diet but also were used to manufacture perfumes and certain medicines. But even high-priced commodities like spices had to be transported in large bulk in order to justify the expense and trouble of sailing around the African continent all the way to India and China. The principal seagoing ship used throughout the Middle Ages was the galley, a long, low ship fitted with sails but driven primarily by oars. The largest galleys had as many as 50 oarsmen. Since they had relatively shallow hulls, they were unstable when driven by sail or when on rough water: hence they were unsuitable for the voyage to the East. Even if they hugged the African coastline, they had little chance of surviving a crossing of the Indian Ocean Shortly after 1400. Shipbuilders began developing a new type of vessel properly designed to operate in rough, open water: the caravel. It had a wider and deeper hull than the galley and hence could carry more cargo: increased stability made it possible to add multiple masts and sails. In the largest caravels, two main masts held large square sails that provided the bulk of the thrust driving the ship forward, while a smaller forward mast held a triangular-shaped sail, called a lateen sail, which could be moved into a variety of positions to maneuver the ship. 
The astrolabe had long been the primary instrument for navigation, having been introduced in the eleventh century. It operated by measuring the height of the Sun and the fixed stars: by calculating the angles created by these points, it determined the degree of latitude at which one stood (the problem of determining longitude, though, was not solved until the eighteenth century.) By the early thirteenth century, western Europeans had also developed and put into use the magnetic compass, which helped when clouds obliterated both the Sun and the stars. Also beginning in the thirteenth century, there were new maps refined by precise calculations and the reports of sailors that made it possible to trace one's path with reasonable accuracy. Certain institutional and practical norms had become established as well. A maritime code known as the Consulate of the sea, which originated in the western Mediterranean region in the fourteenth century, won acceptance by a majority of sea goers as the normative code for maritime conduct; it Proofread By Miffy and Alex Page: 476 / 493 defined such matters as the authority of a ship's officers, protocols of command, pay structures, the rights of sailors, and the rules of engagement when ships met one another on the sea-lanes. Thus by about 1400 the key elements were in place to enable Europe to begin its seaward adventure. 

64 ANIMAL SIGNALS IN THE RAIN FOREST (TPO17) 

The daytime quality of light in forests varies with the density of the vegetation, the angle of the Sun, and the amount of cloud in the sky. Both animals and plants have different appearances in these various lighting conditions. A color or pattern that is relatively indistinct in one kind of light may be quite conspicuous in another. 
In the varied and constantly changing light environment of the forest, an animal must be able 
to send visual signals to members of its own species and at the same time avoid being detected by predators. An animal can hide from predators by choosing the light environment in which its pattern is least visible. This may require moving to different parts of the forest at different times of the day or under different weather conditions, or it may be achieved by changing color according to the changing light conditions. Many species of amphibians (frogs and toads) and reptiles (lizards and snakes) are able to change their color patterns to camouflage themselves. Some also signal by changing color. The chameleon lizard has the most striking ability to do this. Some chameleon species can change from a rather dull appearance to a full riot of carnival colors in seconds. By this means, they signal their level of aggression or readiness to mate. Other species take into account the changing conditions of light by performing their visual displays only when the light is favorable. A male bird of paradise may put himself in the limelight by displaying his spectacular plumage in the best stage setting to attract a female. Certain butterflies move into spots of sunlight that have penetrated to the forest floor and display by opening and closing their beautifully patterned wings in the bright spotlights. They also compete with each other for the best spot of sunlight. 
Very little light filters through the canopy of leaves and branches in a rain forest to reach ground level—or close to the ground—and at those levels the yellow-to-green wavelengths predominate. A signal might be most easily seen if it is maximally bright. In the green-to-yellow lighting conditions of the lowest levels of the forest, yellow and green would be the brightest colors, but when an animal is signaling, these colors would not be very visible if the animal was sitting in an area with a yellowish or greenish background. The best signal depends not only on its brightness but also on how well it contrasts with the background against which it must be seen. In this part of the rain forest, therefore, red and orange are the best colors for signaling, and they are the colors used in signals by the ground-walking Australian brush 
turkey. This species, which lives in the rain forests and scrublands of the east coast of Australia, has a brown-to-black plumage with bare, bright-red skin on the head and neck and a neck collar of orange-yellow loosely hanging skin. During courtship and aggressive displays, the turkey enlarges its colored neck collar by inflating sacs in the neck region and then flings about a pendulous part of the colored signaling apparatus as it utters calls designed to attract or repel. This impressive display is clearly visible in the light spectrum illuminating the forest floor. 
Less colorful birds and animals that inhabit the rain forest tend to rely on forms of signaling other than the visual, particularly over long distances. The piercing cries of the rhinoceros hornbill characterize the Southeast Asian rain forest, as do the unmistakable calls of the gibbons. In densely wooded environments, sound is the best means of communication over distance because in comparison with light, it travels with little impediment from trees and other vegetation. In Proofread By Miffy and Alex Page: 482 / 493 forests, visual signals can be seen only at short distances, where they are not obstructed by trees. 
The male riflebird exploits both of these modes of signaling simultaneously in his courtship display. The sounds made as each wing is opened carry extremely well over distance and advertise his presence widely. The ritualized visual display communicates in close quarters when a female has approached. 
65 SYMBIOTIC RELATIONSHIPS (TPO17) 
A symbiotic relationship is an interaction between two or more species in which one species lives in or on another species. There are three main types of symbiotic relationships: parasitism, commensalism, and mutualism. The first and the third can be key factors in the structure of a biological community; that is, all the populations of organisms living together and potentially interacting in a particular area. 
Parasitism is a kind of predator-prey relationship in which one organism, the parasite, derives its food at the expense of its symbiotic associate, the host. Parasites are usually smaller than their hosts. An example of a parasite is a tapeworm that lives inside the intestines of a larger animal and absorbs nutrients from its host. Natural selection favors the parasites that are best able to find and feed on hosts. At the same time, defensive abilities of hosts are also selected for. As an example, plants make chemicals toxic to fungal and bacterial parasites, along with ones toxic to predatory animals (sometimes they are the same chemicals). In 
vertebrates, the immune system provides a multiple defense against internal parasites. 
At times, it is actually possible to watch the effects of natural selection in host-parasite relationships. For example, Australia during the 1940 s was overrun by hundreds of millions of European rabbits. The rabbits destroyed huge expanses of Australia and threatened the sheep and cattle industries. In 1950, myxoma virus, a parasite that affects rabbits, was deliberately introduced into Australia to control the rabbit population. Spread rapidly by mosquitoes, the virus devastated the rabbit population. The virus was less deadly to the offspring of surviving rabbits, however, and it caused less and less harm over the years. Apparently, genotypes (the genetic make-up of an organism) in the rabbit population were selected that were better able to resist the parasite. Meanwhile, the deadliest strains of the virus perished with their hosts as natural selection favored strains that could infect hosts but not kill them. Thus, natural selection stabilized this host-parasite relationship. 
In contrast to parasitism, in commensalism, one partner benefits without significantly affecting the other. Few cases of absolute commensalism probably exist, because it is unlikely that one of the partners will be completely unaffected. Commensal associations sometimes involve one species' obtaining food that is inadvertently exposed by another. For instance, several kinds of birds feed on insects flushed out of the grass by grazing cattle. It is difficult to imagine how this could affect the cattle, but the relationship may help or hinder them in some way not yet recognized. 
The third type of symbiosis, mutualism, benefits both partners in the relationship Legume plants and their nitrogen-fixing bacteria, and the interactions between flowering plants and their pollinators, are examples of mutualistic association. In the first case, the plants provide the bacteria with carbohydrates and other organic compounds, and the bacteria have enzymes that act as catalysts that eventually add nitrogen to the soil, enriching it. In the second case, pollinators (insects, birds) obtain food from the flowering plant, and the plant has its pollen distributed and seeds dispersed much more efficiently than they would be if they were carried by the wind only. Another example of mutualism would be the bull's horn acacia tree, which grows in Central and 
South America. The tree provides a place to live for ants of the genus Pseudomyrmex. The ants live Proofread By Miffy and Alex Page: 488 / 493 in large, hollow thorns and eat sugar secreted by the tree. The ants also eat yellow structures at the tip of 
leaflets: these are protein rich and seem to have no function for the tree except to attract ants. 
The ants benefit the host tree by attacking virtually anything that touches it. They sting other 
insects and large herbivores (animals that eat only plants) and even clip surrounding vegetation that grows near the tree. When the ants are removed, the trees usually die, probably because herbivores damage them so much that they are unable to compete with surrounding vegetation for light and growing space. 
The complex interplay of species in symbiotic relationships highlights an important point about communities: Their structure depends on a web of diverse connections among organisms.
